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The expression “basal metabolism” is used to denote the energy pro- 
duction of man during complete muscular repose and twelve hours after the 
last meal. Knowledge of the extent to which body temperature, skin 
temperature, exposure to a cold environment, sleepiness and psychic un- 
rest may affect basal metabolism is as yet too uncertain. In general, how- 
ever, it is not difficult with codperative subjects to secure successive, well- 
agreeing measurements of the basal metabolism under the same conditions 
on the same day. To obtain the needed repose prior to the measurements 
two methods are in use. Many physicians require their patients to come 
to the hospital in the evening and sleep during the night in a hospital bed. 
Numerous laboratories and clinics ordinarily permit their subjects to come 
to the laboratory from their homes in the morning. In this latter instance 
the journey to the laboratory involves varying amounts of exercise and ex- 
posure, but in such cases a 30-minute period of complete muscular repose, 
with the subject lying on a comfortable bed or couch, well clothed and 
lightly covered, is usually and should always be insisted upon. The first 
method would seemingly Have the advantage of reducing to a minimum 
all previous exercise and exposure and one would therefore expect, a priort, 
a somewhat lower metabolism. ‘The economic importance of using much- 
needed hospital beds for basal metabolism testsand the physiological interest 
in the actual measurements by these two different methods led to a study, 
with well-established techniques and well-trained subjects, of the influence 
upon basal metabolism of varying periods of repose and exposure to weather. 

One man and 7 women (college students) served as subjects. The basal 
metabolism in each case was measured, first, after the subject had rested 
quietly in bed during the night, well covered. The subject then rose, 
went through the regular routine of bathing and dressing, went down 
stairs, walked for ten minutes in the open air, returned to the laboratory, 
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climbed three flights of stairs, and then, while still clothed, lay down on a 
bed for the customary half hour, covered with a light blanket, when the 
metabolism was again measured. The metabolism measurements both 
before and after this period of walking would indicate any difference due 
to the two different conditions. If, in addition, a temperature survey of 
the skin can be made, important data are available with regard to the skin 
temperature, the probable temperature of the subcutaneous tissues, the 
loss of heat by direct radiation from the body, and its possible effects upon 
metabolism. The metabolism was measured in all cases by determining 
the oxygen consumption with a valve modification of the Benedict-Collins 
respiration apparatus.' The particular apparatus used was most carefully 
controlled by alcohol check tests. 

With the first subject, a man, observations were made on 4 days in Feb- 
ruary, 1924. Two measurements were made each day before the subject 
rose and three after he reached the laboratory after walking about 20 
minutes. The average oxygen consumption on the first day before rising 
was 250 cc. per minute; after the subject came to the laboratory it was 247 
cc. On the second day the average values were 246 cc. and 240 cc., re- 
spectively, while on the third day they were 252 cc. and 255 cc. On the 
last day the average value was 253 cc. before rising and 252 cc. after rising. 

These experiments were considered merely as preliminary and a further 
study was carried out with college women at Mount Holyoke College, South 
Hadley, Massachusetts. The young women slept in the laboratory under 
normal conditions in comfortable beds, and before they arose in the morn- 
ing their basal metabolism was measured. After rising, they performed 
their usual toilet, walked down to the college grounds, and walked for ten 
minutes in the air. They then came back, walked up three flights of stairs 
and lay down the usual prescribed half hour before the final series of basal 
metabolism measurements were made. All metabolism periods were about 
10 minutes in length. In this second series, arrangements were made for 
studying the skin temperature before rising, immediately after the walk 
and after an hour’s rest in the laboratory, during which time the metabo- 
lism measurements were being made. 

Seven women were studied with observations on from 3 to 9 days with 
each subject. The external temperature was at times as low as —11°C. and 
never higher than 8.3°C. With these subjects an extensive series of pulse 
records were secured prior to and after rising. Singularly enough, the 
pulse-rate in general was somewhat lower after the return from the walk 
than before rising. The oxygen consumption of the first subject, on the 
average for 8 days, was 243 cc. before rising and 249 cc. after rising. The 
second subject, on the average for 9 days, had an oxygen consumption of 
193 cc. before rising and 196 cc. after rising. The average values noted 
for the third subject, for 6 days, were 190 cc. and 200 cc., respectively. 
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With the fourth subject the average values for 6 days were 173 cc. and 175 
ce. The fifth subject had an average oxygen consumption, measured on 
5 days, of 170 cc. both before and after rising. The sixth subject had an 
average metabolism for 4 days of 182 cc. before rising and 186 cc. after ris- 
ing and the seventh subject an average for 3 days of 170 cc. and 165 cc., 
respectively. It is thus seen that with only one subject (the third) was 
there an appreciable increase in basal metabolism. In this case the oxy- 
gen consumption increased 10 cc. (from 190 cc. before rising to 200 ce. after 
rising), i.e., an increase of but 5 percent. With all the other subjects the 
changes were wholly insignificant. 

The temperature measured at 16 points on the skin of the subjects, leav- 
ing out the median line of the trunk, was about 31°C., on the average, be- 
fore the subject rose. After the walk these same points usually showed an 
average temperature of not far from 27.3°C., and after the subjects had 
been lying, covered, for approximately one hour in the laboratory room 
(following the walk), the average skin temperature increased to about 30°C. 
A special study of the skin temperature at 5 points on the knees, where 
there was considerable exposure to the air during the walk, showed a very 
pronounced fall in temperature from about 30°C. before rising to as low 
as 23.3°C., on the average, after the walk, with a return to about 26°C. 
after the subjects had been lying, covered, for an hour. 

These great changes in skin temperature, with the certainty that not 
only the skin but a considerable part of the peripheral tissues had under- 
gone a lowering of temperature, accentuate the fact that the heat produc- 
tion (as indicated by the oxygen consumption) remained unchanged. The 
conclusion naturally drawn is that, at least under conditions where ex- 
cessive chilling or shivering is not induced, the heat production is entirely 
independent of the transitory heat loss, for there may be very large amounts 
of heat either stored in or lost from the peripheral tissues, without reaction 
upon the actual heat production. 

Of the utmost practical importance is the fact that prolonged bed rest 
in the hospital, prior to basal metabolism measurements in the morning, 
is seemingly no longer justified. A word of caution, however, is necessary 
in that all subjects here studied were normal. Similar observations on 
pathological cases shouid be carried out before the custom of the overnight 
stay in a hospital bed is completely disregarded. It is clear, however, that 
in the case of normal subjects the exercise of rising, bathing, dressing, walk- 
ing and mounting several flights of stairs is without influence upon the 
basal metabolism on any individual day, provided the usual rest period 
of one-half hour is insisted upon. 

The fact that there has been a rather pronounced change in the tempera- 
ture of the skin and the peripheral tissues emphasizes the absence of corre- 
lation between heat production and heat loss. It is evident that some fac- 
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tors other than those that affect transitory heat loss must come into play 
before the heat production is noticeably affected. To this extent, there- 
fore, basal metabolism on any given day may be looked upon as a very sta- 
ble process. The fact that in the very short series of measurements here 
reported, which covered only a few days during winter, the variations in 
basal metabolism from day to day exceeded those noted before and after 
rising on the same day is evidence quite in line with much Nutrition 
Laboratory data that the day-to-day variability precludes the assumption 
of constancy beyond any one day. The basal metabolism, however, on 
any given day is fixed with a remarkable constancy. 

The details of the measurements of the basal metabolism, pulse-rate 
and skin temperature are being published in the American Journal of Phys- 
tology. 

1 Benedict and Benedict, Boston Med. Surg. J., 178 (1923), footnote on page 575. 


ANNOUNCEMENT OF A PROJECTIVE THEORY OF AFFINELY 
CONNECTED MANIFOLDS 


By Tracy YERKEs THomas* 
ZURICH, SWITZERLAND 


Communicated July 28, 1925 


In this note I shall indicate very briefly how it is possible to reduce the 
projective theory of the given n-dimensional manifold M to the affine 
theory of an associated manifold *% involving one additional dimen- 
sion, thus permitting the ordinary methods of the Ricci calculus to be ap- 
plied immediately to the treatment of the projective geometry. This 
work will appear in certain detail in the Mathematische Zeitschrift under 
the title, “A Projective Theory of Affinely Connected Manifolds.” The 
paper also contains a theory of projective extension, a treatment of pro- 
jective normal coérdinates, the replacement (reduction) theorem, etc., all 
of which have been omitted in the present note. 

In a previous note in these PROCEEDINGS,' I have defined a projective 
connection II‘, for the affinely connected manifold 9 and have pointed 
out that, purely-analytically, the projective theory of the affinely connected 
manifold is merely the invariant theory of the transformation equations 
of the projective connection II under the group 


@ : x = fiz, ...., x") (1) 


which consists of all those transformations whose functional determinants 
do not vanish identically. Now the transformation equations of the 
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projective connection II, can be put into the ordinary form of the equa- 
tions of transformation of the affine connection Iz. To do this con- 
sider an associated transformation group 


*G : x9 = x° + log A; x’ = fi(x}, ...., x”) (3) 


and define a set of functions *I,, by the equations? 


(2) 








[ api, = 1, = I, ; (i,0,8 = 1,2,...,n) 
: ry 
*pt = *T"* ae ah ergs nein : = 
| Too Toa cri (4,a = 0,1,2,...,n) (4) 
"Tos = *Tha = (2+ t)e., (a,8 = 1,2,....,n) 





where Bis, denotes the equi-projective curvature tensor.! Then the 
*I's transform according to the equations 


dz! /_d%xo Ox Ox 
(sae + "Tir 50 3) (5) 


under the group *G. The functions *Iy, are defined in terms of Ii, 
by equations of the form (4). In case the indices 7,a,8 in (5) have values 
(1,2,...,m), these equations are identical with the equations of transfor- 
mation of the projective connection II]. In case a or 8 has the value (0) 
the equations (5) reduce immediately to an identity. In the remaining 
case (¢ = 0; a,8 ¥ 0) the equations (5) give the equations of transforma- 
tion of the contracted equi-projective curvature tensor B%,,. 

Thus we have reduced the general projective theory of the manifold 
M® to the affine theory of the associated manifold, **®, subject to the trans- 
formation group *%. But in the development of the theory the particular 
form of the group *@ causes no difficulty in case this form must be taken 
into account. 

* NATIONAL RESEARCH FELLOW in Mathematical Physics. 

1 See my paper, On the Projective and Equi-projective Geometries of Paths, in this vol- 
ume of these PROCEEDINGS. 

7 Cartan’s theory leads to a set of functions which are closely related to the functions 
*I’ ge defined by (4). These functions differ principally from the functions *I*gg in 
that all indices do not take on the full set of values (0, 1, 2, ...”). See Cartan, Bull. 
Soc. Math. France (1924). pp. 205-241. Also see Schouten, Proc. Kon. Akad. Wetens. 
Amsterdam, 27, pp. 407-424. 
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TRANSFORMATIONS OF EINSTEIN SPACES 
By H. P. RoBERTSON* 
NorRMAN BRIDGE LABORATORY OF PHysICs, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated August 19, 1925 


In a paper which is to be published elsewhere are obtained all Einstein 
manifolds whose line elements are determined by a quadratic differential 
form of the type 


ds* = f(xyzt)(dx®? + dy? + dz”) + g(xyst)dt? (1) 


where f is realiy a function of ¢. Of the ten apparently distinct solutions 
of the cosmological equations for an element of this type one represents 
a hypersphere,' two are characterized by the fact that f and g involve an 
essentially complex argument and in the remaining seven, f is in each case 
related to a Weierstrass p-function. This suggests that only three of the 
ten solutions are distinct and that the relations between the various solu- 
tions of each group are to be found by transformation of codrdinates. 
It is the purpose of this note to develop a theorem which will establish these 


relations. 
Because of the covariant character of the cosmological equations, any 


transformation 
x = x(XYZT), y = y(XYZT), 2 = e(XYZT), t = UXYZT) 
which sends the line element (1) into one of the same form 
dS? = F(XYZT) (dX? + dY*? + dZ*) + G(X YZT)dT? 


necessarily sends any one of the solutions mentioned above into another 
solution—in some cases into itself. This group of transformations is of 
course that under which the differential equations for the determination 
of f and g are invariant. Since the 3 spaces determined by ¢ = constant 
are conformal Euclidean, then, in particular, any transformation which 
sends the Euclidean line element 


do*® = dx? + dy*® + dz? 
into a conformal Euclidean element 
do*® = A*(X YZ)d>? d=? = dX?+ dy? + dZ? 


must be of the desired form. This leads to the 
THEOREM: If 


x = x(X YZ), y = W(X YZ), z= 2(X YZ) 
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is a transformation such that 
do*® = A(X YZ)d>? 


and f(xyst) and g(xyzt) of (1) satisfy Einstein’s cosmological equations, 
then 
F(XYZt) = f(xyst) A®(X YZ) 
G(X YZt) = g(xyzt) 
also define a solution. In f(xyzt) and g(xyz#) x, y and z are considered as 
functions of X, Y and Z. 
Transformations of Kelvin’s type? 
a ee ae 
Y+1Z 2(Y + iZ) 2i(Y + iZ) 


satisfy the conditions of the above theorem, where 


(R? = X24 Y?+ Z?) 


a 


sce aaas Y+1Z 





Inversion with respect to a sphere is a less general transformation which 
may be obtained by two successive applications of those of Kelvin’s type. 

On applying the theorem developed above to the various line elements 
of form (1) it is found that but three are distinct. Letting 


they are 
(1) A hypersphere; 
(2) One in which 


p= pit) (€=y +722) 

is determined by any equation of the form 
*p 
OF? 


3 0 
d is here the so-called cosmological constant, hence this solution degen- 
erates if the cosmological equations are replaced by Einstein’s original 
ones in which \ = 0; 
(3) A spherically symmetric one from which seven of the line elements 
may be obtained by means of the theorem. In it 


p = a(r, t) (r? = x? + y? + 2?) 


= p*(é) 


where 





solitaire 
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where 


(22) - 22% 4% = vw 
or r Or r 


ee 
7 i Dey 2% S 


D(t) being arbitrary. p may here be expressed in terms of a p-function 
whose argument is log r. 

The theorem which is given above thus reduces the ten elements of form 
(1) to three fundamental ones. Corresponding theorems are easily de- 
veloped for use in connection with line elements other than (1), e.g., for 
those of Kasner’s type.* 


*.NATIONAL RESEARCH FELLOW in Mathematics. 

1Cf. Kasner, E., Amer. J. Math., 43, 20-28 (1921); Math. Ann., 85, 234-236 
(1922). 

2 Bateman, H., Electrical and Optical Wave Motion (Cambridge, 1915), p. 31. 

3 Kasner, E., these PROCEEDINGS, 11, 95-96 (1925). 


ON THE EQUI-PROJECTIVE GEOMETRY OF PATHS 


By Tracy YERKES THOMAS* 
ZURICH, SWITZERLAND 


Communicated June 29, 1925 


1. Introduction.—In this note I wish to give an indication of the method 
of development of the equi-projective geometry of paths,! which, although 
quite analogous to that of the affine geometry, requires some special con- 
sideration. The theorems which I have given have their counterpart in 
the affine geometry of paths; yet the theorem in the last paragraph on 
complete sets of identities is new even for the affine geometry.’ 

2. Characterization of Equi-projective Normal Codrdinates.—Equi-projec- 
tive normal coérdinates (z) are completely characterized by the equations 


Pig zt 2 = 0 : (2.1) 


in terms of an affine connection $1, which is obtained from the projective 
connection II, in the general (x) codrdinate system according to the 
equations 


+ 1 


dz" ( O°x” « Oe =) 
202" 


Pas so Ox” mY ds” ae (2.2) 
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and which therefore satisfies the condition 
Pas = Bea: (2.3) 
Since the equations (2.2) have the ordinary form of the equations of trans- 
formation of the affine connection I“, it follows that the transformation 
of equi-projective invariants to the system of normal coérdinates (z) results 
simply in a replacement of the projective connection II by the corinec- ° 
tion Bis. As a consequence of this and the fact that the (z) codrdinates 
transform by a linear homogeneous’ equi-transformation, the process of 
extension of invariants of the manifold involving repeated differentiation 
of the invariant and evaluation at the origin of normal coérdinates as 
developed in my thesis* is valid for the equi-projective geometry of paths. 
That this process of extension may be applied to general tensors is evident. 
Contracting the indices in (2.2) we have the equations 


i _ Olog A 
a 


which we shall use in the following paragraph. 

3. Equi-projective Plane Manifolds—A manifold is equi-projective 
plane if it can be mapped on a Euclidean space by an equi-transformation 
in such a way that the paths of the manifold go into the straight lines of 
the Euclidean space. An obvious condition that the manifold be equi- 
projective plane is that the equi-projective normal tensor Wisy vanishes 
identically. ‘To see that this condition is also sufficient consider the ex- 
pansion 


; A = | dx/dz | (2.4) 


Boe = Wap, 27 +3, Wapys 2%? +... (3.1) 


about the origin of the normal coérdinate system (z). It may be shown 
that the vanishing of the equi-tensor %/,, necessitates the vanishing of 
all the other equi-tensor coefficients in the series (3.1). Reference to the 
equations (2.4) then shows that the transformation to normal coérdinates 
(z) is an equi-transformation. Hence 

A necessary and sufficient condition for the manifold to be equi-projective 
plane is that the equi-projective normal tensor X',g,, vanishes identically. 

4. Replacement Theorem.—The process of transforming any equi-pro- 
jective invariant : 


E*---¥ (Tig; O1g/dx7; ...; O14g/dx" ... dx”) (4.1) 


to the system of equi-projective normal coérdinates (z) and evaluating at 
the origin enables us.to see immediately that E may be given the form . 


By Or Moa sf the: (4.2) 


This gives us the following replacement (reduction) theorem. 
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Any equi-projective invariant (4.1) can be put into the form (4.2) by re- 
placing the Is by zero and their derivatives by the components of the corre- 
sponding equi-projective normal tensor %. 

In the sense of this theorem we may say that the equi-projective normal 
tensors % constitute a complete set of invariants of the manifold. 

5. Complete Sets of Identities —From the equations (2.1), (2.3) and (3.1) 
we obtain the identities satisfied by the equi-projective normal tensors, 
namely 


apy...0 — ae ae se ee (5.1) 
S(Mapy...2) = 0 (5.2) 


where (u...v) in (5.1) denotes any permutation of the indices (y...c), 
and SS in (5.2) denotes the sum of the terms obtainable from the one in the 
parenthesis which are not identical by (5.1). 

The identities (5.1) and (5.2) constitute a complete set of identities for 
the equi-projective normal tensor Y's,..,. (See note 2.) ‘To prove 
this consider a sequence of sets of numbers 

aiys Meapyss.. Waves «> - (5.3) 
chosen so as to satisfy the algebraic conditions (5.1) and (5.2) and also so 
that the series (3.1) converges but otherwise quite arbitrary. The func- 
tions Bis defined by (3.1) in which the coefficients 2% are the sets of num- 
bers of the sequence (5.3) then satisfy the equations (2.1) which character- 
ize the variables (z) as a set of equi-projective normal coérdinates. Hence 

The identities (5.1) and (5.2) constitute a complete set of identities for the 
equi-projective normal tensor Uigy...o 

Thus any set of identities satisfied by the equi-projective normal tensor 
Wi e,...¢ can be deduced by algebraic processes from the identities of the 
complete set (5.1) and (5.2). The sets of identities (5.1) and (5.2) consti- 
tute all the algebraically independent sets of identities of the complete 
set of invariants 2 which exist in the manifold. 

* NATIONAL RESEARCH FELLOW in Mathematical Physics. 

1T. Y. Thomas, these ProcrEpincs, 11, p. 199. 

2 The idea of a complete set of identities of an invariant of the manifold has been 
introduced by me in a paper on the identities of affinely connected manifolds which will 
appear in the Math. Zeitschrift. By this is meant a set of algebraically independent 
identities of the invariant constituting all the algebraic conditions on the invariant so 
that any identity satisfied by the invariant can be deduced from the identities of the 
complete set by algebraic processes. In the above paper I have treated in detail the 
complete sets of affine and metric (Riemann) invariants of the manifold. 

30. Veblen and T. Y. Thomas, Trans. Amer. Math. Soc., 25, 1923, p. 551. 

‘ The theorem involved is analogous to one given by Vermeil for the case of the 
Riemann geometry. See, H. Vermeil, Math. Ann., 79 (1918), p. 289. 
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ON FLUORESCENCE RADIATION OF NITROGEN 
By Otto OLDENBERG 
NoRMAN BrIDGE LABORATORY OF Puysics, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated September 1, 1925 


In Wood’s resonance spectra of iodine vapor, Lenz! succeeded in measur- 
ing some fundamental constants of the iodine molecule. In an attempt to 
apply the same methods to other gases, especially hydrogen and nitrogen, 
some observations have been made upon the fluorescence radiation of the 
nitrogenion. ‘These are reported in the present paper. 

The main difficulty in exciting fluorescence in hydrogen and nitrogen 
is that these gases absorb only wave-lengths of the extreme ultra-violet. 
We cannot, therefore, put a window of any material in the path of the ex- 
citing light. Instead, the light source, e.g., a condensed spark, must be 
put into the same bulb with the gas. Further, the pressure of the gas must 
be as low as a few tenths of a millimeter, in order to prevent the extinction or 
change of the fluorescence because of the collisions of the excited molecules. 

In the present experiments disturbing electric currents (glow discharges) 
were prevented by three different means: (1) by enclosing the condensed 
spark in a glass tube containing one small lateral opening out of which the 
light could come, (2) by means of a Faraday cage with a small opening into 
which the light could shine and there excite the fluorescence, (3) by a sttong 
magnetic field parallel to the spark discharge. 

In this arrangement a ray coming from the spark excites a faint light in 
the nitrogen all along its path. ‘This ray is no ordinary electric discharge, 
nor is it either a cathode ray or a canal ray, as is shown by the fact that it 
is not at all deflected nor extinguished by a strong magnetic field (7500 
gauss) perpendicular to its direction. That it is not a canal ray is further 
proved by the fact that it keeps well defined rectilinear limits under rela- 
tively high pressure (1 mm. of Hg). The exciting ray must then be some 
sort of light. But, again, the phenomenon cannot be simple scattering of 
light coming from the spark by the nitrogen molecules, for the spark 
has an entirely different spectrum from that of the observed light. Be- 
sides the latter is extinguished by putting a quartz window in the path of 
the exciting light. Therefore, it must be assumed that the observed light 
is the fluorescence radiation of nitrogen, excited by short light waves com- 
ing from the spark. The experiment is somewhat similar to Wood’s? 
fluorescence excited by “‘Ultra-Schumann Rays’ at atmospheric pressure. 
The main difference, however, and the one which causes the experimental 
difficulties, is the application of low pressure in order to produce the sim- 
plest type of fluorescence without the disturbances which would be intro-— 
duced by collisions. 


Le 
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The fluorescence spectrum was first photographed with the aid of a glass 
spectrograph of strong light power, {/2.7. But even with this sensitivity 
the fluorescence is so faint that it required an exposure of about eighteen 
hours to obtain a good plate. This plate revealed a pure band spectrum 
without any line whatever—a spectrum similar to that obtained from the 
positive column of a partially exhausted tube. The following bands were 
observed: 3755, 3805, 3894, 3914, 3943, 3998, 4059, 4142, 4201, 4239, 
4281, 4344, 4416, 4489, 4574, 4653, 4709. ‘The bands seem to be com- 
plete, and in this respect are unlike Wood’s resonance spectra, but on 
account of the small resolving power of the spectrograph the resolution of 
the individual bands was not possible. 

A striking feature of this spectrum is that it reveals the bands due to 
the fluorescing ion, as well as the fluorescing neutral molecule. We can 
distinguish between these two through the work of Wien.’ He sent a canal 
ray through the highest vacuum in a direction perpendicular to an elec- 
tric field. In this way he was able to separate the spectrum of the unde- 
flected neutral molecules from the spectrum of the deflected ionized mole- 
cules. The bands 4709, 4281, 4239, 3914, and probably some others, are 
thus known to have their origins in the ionized nitrogen molecule All 
of these appear with relatively high intensity in the present fluorescence spec- 
trum. 

It is interesting to inquire by what elementary process we can explain 
the foregoing excitation of ionized nitrogen molecules. The simplest ex- 
planation would involve two steps: first, the ionization of the nitrogen 
molecule by a sufficiently short wave-length, and, second, the subsequent 
excitation of this ion. This explanation, however, is not likely the cor- 
rect one, since it requires a partial pressure of ions comparable to that of 
neutral molecules. 

A second hypothesis seems to be more probable. The nitrogen mole- 
cule is similar to the atoms of the alkaline earths in that the spectrum of 
the ion is excited very easily. For instance, under suitable pressure the 
spectrum of the nitrogen ion appears quite strong in the positive column 
of a partially exhausted tube, even at small current densities. The corre- 
sponding behavior in the case of the alkaline earths, has been found to be 
connected with the simultaneous jumping of two electrons within the neu- 
tral atom, a phenomenon with which we have become acquainted through 
the work of Wentzel, Russell and Saunders, and Bowen and Millikan, 
on the so-called pp’ groups.‘ This characteristic of the alkaline earths as 
distinguished from the alkalis is due to the fact that the former have two 
electrons in the outer shell. If we assume two-electron jumps within the 
nitrogen molecule, then by the same process described by Bowen and 
Millikan the absorption of a wave-length beyond the limit of a series 
would ionize the atom and, in the same act, excite the ion; just the kind 
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ie 
of excitation we need in order to explain the observed radiation of ions 
in the fluorescence spectrum. This elementary process is by no means 
proved by the observed facts. It is suggested as a possible explanation 
only. ; 

There is a third process that might conceivably take place, namely this. 
Through X-ray absorption one of the inner electrons of the molecule may 
be removed. ‘The empty place would then be occupied by one of the next 
outer electrons, and so forth. The last step in this reorganization of the 
remaining ion, that is, the jump of an outer electron of the ion, may be con- 
nected with the visible radiation we observe. In the field of X-rays even 
every secondary radiation is the radiation of an ion, for, by the preceding 
absorption process, an electron is not only excited but removed from the 
atom. 

On the other hand, in the optical region the fluorescence radiation of an 
ion has not been previously observed. ‘That in ordinary optical fluorescence 
experiments, such as producing iodine fluorescence, no excitation of an ion 
takes place, is evidently due to the fact that a glass wall or quartz wall 
prevents the action of the short waves. 

That we do not assume two consecutive absorption processes, ioniza- 
tion and in the next step excitation of the ion, is consistent with some ob- 
servations made by Kulcher’ twelve years ago. He found that the bands, 
which according to our present knowledge are due to the nitrogen ion, are 
strongly excited by high energy electrons (53-60 volts); but these bands 
disappear entirely as soon as the energy of the electrons drops down be- 
low a value between 42 and 35 volts, although this amount of energy would 
presumably be quite sufficient for excitation in two consecutive steps. 
So we may assume that the ionization and excitation of the ion are produced 
with high probability by one single electron impact. This is certainly the 
case with the helium atom in Rau’s® experiments and with the magnesium 
atom in recent experiments of Ruark.’ Further details will be published 
later on in connection with other experiments. 

In conclusion, the author wishes to express his sincere thanks to Dr. 
R. A. Millikan for his helpful interest, and to the International Education 
Board for the grant of a fellowship. 

1W. Lenz, Physik. Zs., 21, 692 (1920). 

*R. W. Wood, Phil. Mag., 30, 449 (1915). 

3 W. Wien, Ann. Physik, 69, 331 (1923). 

4 Wentzel, Physik. Zs., 24, 104 (1923), and 25, 182 (1924); Saunders and Russell, 
Physik. Rev., 22, 201 (1923); Bowen and Millikan, Ibid., 26, 150 (1925). 

5 Fulcher, A stroph. J., 37, 60 (1913). 

6 Cf. Sommerfeld, Atombau und Spektrallinien, 4, Aufl., p. 520. 

7A. E. Ruark, J. Opt. Soc. Amer., 11, 199 (1925). 








598 PHYSICS: COMPTON AND DOAN Proc. N. A. S. 


X-RAY SPECTRA FROM A RULED REFLECTION GRATING 
By A. H. CoMpTon AND R. L. DOAN 
RYERSON PuysicaL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated September 5, 1925 


We have recently obtained spectra of ordinary X-rays by reflection at 
very small glancing angles from a grating ruled on speculum metal. Typi- 
cal spectra thus obtained are shown in the accompanying figures. From 
some of these spectra it is possible to measure X-ray wave-lengths with 
considerable precision. Rai 

In order to reflect any considerable X-ray energy from a speculum sur- 
face it is necessary to work at small glancing angles, within the critical 
angle for total reflection. (See A. H. Compton, Phil. Mag., 45, 1121 
(1923).) Within this critical angle, which in our experiments, using wave- 
lengths less than 1.6 angstroms, was less than 25 minutes of arc, the 
diffraction grating may be used in the same manner as in optical work. 
The wave-length is given by the usual formula, 


my = D (sin @ + sin 2) 


where 7 is the angle of incidence and ¢ is the angle of diffraction for the 
nth order. For small glancing angles this may be more conveniently 
written as 


nd = D {cos @ — cos(0 + a)}..........0000- (1) 


in which @ is the glancing angle and a is the angle between the zero order 
and the mth order. For the small angles employed this may be written 
to a very close approximation as 


D Fs 
A= (co + 5] Ratan d dca Kia eee ee (2) 


n 


In order that several orders of the spectrum should appear inside[the 
critical angle, we had a grating ruled with a comparatively large grating 
space, D = 2.000 X 10-* cm. Special pains were taken to obtain a 
well polished surface, and the ruling was rather light, so as to obtain good 
reflection from the space between the lines. The reflected beam thus ob- 
tained was just as sharply defined as the direct beam. 

In our first trials the X-rays direct from the target of a water-cooled 
Coolidge tube were collimated by fine slits 0.1 mm. broad and about 
30 cm. apart. There was some difficulty at first in determining the zero 
position of the grating but this was solved in the following manner. The 
primary X-ray beam was first allowed to fall directly upon the film. Then 
after a brief exposure the speculum grating was brought into the path of 
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the beam by means of a slow motion screw and a longer exposure sufficed 
to record the reflected image of the zero order, together with the associated 
first and higher orders. We were able, from the lines thus obtained on the 
film, to measure both @ and a. Photographs of this type are shown in 
figure 2 for a copper tube and in figure 3 for a molybdenum tube. 

We were not able, with the grating used, to separate sharply the different 
X-ray spectrum lines. Therefore in order to get a precise measurement of 
one particular line we reflected the Ka; line of molybdenum from a calcite 
crystal and studied this beam with the ruled grating. The experimental 
arrangement is shown diagrammatically in figure 1. Typical diffraction 
patterns are shown in figures 4 and 5 for two different angles of incidence 





FIGURE 1 


of the X-rays on the grating. It was found that the intensity of the spec- 
trum obtained increased with the glancing angle, 6.. Thus in figure 4, 
where 6 = 0.00095 radians, only the first order spectrum appears; whereas 
in figure 5, where 6 = 0.00308, there appear the first inside order and three 
outside orders. The exposure was in each case about 9 hours. 

By solving equation 2 for a it will be seen that the inside order cannot 
appear unless 0 is greater than a certain limiting angle. For precise wave- 
length measurements, however, it is important to have both inside and 
outside orders because an accurate setting is impossible on the broad zero 
order line. The image due to the direct beam can of course be made of 
any desired intensity by controlling the length of its exposure. If B_, is 
the angle from the image of the direct beam to the first inside order, and 
84, that to the first outside order, the glancing angle 0 is given by 


oe Be, + x : (3) 
2(B_, + B41) 


Using this value of 0, the wave-length can be calculated from equation 2. 
Following are some examples of measurements and calculations. From 
the film shown in figure 5 we measured B_, = 0.004815, 6B, = 0.00725. 


a Ra ee RT Te 
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Thus from equation 3, @ = 0.003140, and a_, = —0.001462 and a4, = 
0.000972. Substituting these values in equation 2, we get X = 0.704A. 


DQ! 











Fig. 2. Fig. 5. 


Figure 2. Spectrum of X-rays from copper target, excited at20kv. D=image 
of direct beam; for group A, glancing angle @ = 9’, for B@ = 20’. Numbers 
—1, 0, 1, 2 indicate the order of the spectrum. The absence of order: —1 in 
group A is predicted by equation 2. 

Figure 3. Spectriim of X-rays from molybdenum target, excited at about 


35 kv. 
Figures 4 and 5. Spectra obtained using the Ka; line of molybdenum. 


The weighted mean value of our measurements on five films showing 
from 1 to 4 orders of the spectrum of the molybdenum Ka; line is 


d = 0.707 + 0.003A. 
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From crystal measurements this wave-length is determined as 
X = 0.7078 + 0.0002A. 


The agreement is well within the probable error of our experiments. Our 
measurements of the spectra, obtained using a copper target, give in a 
similar manner wave-lengths intermediate between the a and 8 lines of 
copper, i.e., about 1.4 to 1.5A. 

We see no reason why measurements of the present type may not be 
made fully as precise as the absolute measurements by reflection from a 
crystal, in which the probable error is due chiefly to the uncertainty of the 
crystalline grating space. 


AN ATTEMPT TO TEST THE QUANTUM THEORY OF X-RAY 
SCATTERING 


By Ra.po D. BENNETT 
RYERSON PuystcaL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated September 15, 1925 


According to the quantum theory of X-ray scattering worked out by 
A. H. Compton! and Debye? the following equation relates the angle ¢ 
at which a quantum is scattered and the angle @ at which the scattering 
electron recoils: 


1 
l+ea 


Here a = hv/mc* and 6 and ¢ are measured in the counter-clockwise di- 
rection. An attempt to test this equation has been made, using Geiger 
point-discharge counters to detect the recoil electrons and scattered quanta. 
Simultaneous registration of a recoil electron and a scattered X-ray quan- 
tum, at angles predicted by the above equation, would be evidence in favor 
of the radiation quantum theory of scattering. 

The counters were mounted on arms pivoted at the center of a chamber 
which could be exhausted. Angles were measured by means of a divided 
circle mounted in the bottom of the chamber. A system of lead slifs was 
provided both inside and outside the chamber to confine the X-rays to a 
narrow beam. ‘The X-rays were supplied by a Coolidge titbe rated at 
200 K. V., and observations were made at 140 and 200 K. V. 

Two types of observation were made, the first using a solid scattering 
target and the second using a gaseous target. In the first case, the counter 
apertures were covered with thin mica windows and the air exhausted from. 


tan@ = — cot o/s. (1) 





ES 
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the chamber. In the second case the counter apertures were left uncovered, 
and the chamber was filled with the gas which scattered the X-rays. Air 
and hydrogen were used as scattering gases, but some difficulty was ex- 
perienced with the counters when working in hydrogen. 

The Geiger Counter consists of a cylindrical chamber in the center of 
which a specially prepared needle is inserted. The chamber is raised to 
a rather high potential, the exact value depending principally upon the 
needle used. Entrance of an ionizing particle causes a rush of ions to the 
needle, changing its potential sufficiently for vacuum tube amplification. 
The recoil electrons themselves produce sufficient ionization to register, 
but registration of an X-ray quantum can be accomplished only by causing 
it to produce first a recoil electron or photoelectron. The probability 
of this event was increased by placing a system of thin lead diaphragms 
within the quantum counter. 

At first the amplified pulses were registered on a moving photographic 
tape. By this means, with the apparatus at hand, time intervals no shorter 
than 0.01 second could be measured. It was found that the intervals 
could be more closely estimated by ear, the quanta registering as clicks 
in one of a pair of headphones, the recoil electrons in the other. This 
method has the disadvantage, however, of not leaving a permanent record. 

A series of observations was taken extending over a total of about 24 
hours, and the number of coincidences heard exceeded considerably the 
number to be expected from chance, on the basis of uniform distribution 
as regards time. However, the coincidences came in groups which may 
indicate that such probability calculations do not mean much. Also 
there is evidence of a time lag in the working of the needles, an effect which 
would have an important bearing on the interpretation of the coincidences. 

From the results obtained it has not been possible to make a satisfactory 
test of the equation, nor to conclude definitely either in favor of or against 
the quantum theory of X-ray scattering. Work on the problem is being 
continued in this laboratory. 

Since this experiment was begun, Bothe and Geiger have proposed® 
and carried out‘ a rather similar research for coincidences between the 
recoil electrons and the scattered quanta, though without any study of 
the angular relations. They have found coincidences which they inter- 
pret as definitely indicating simultaneous emission of radiation quanta 
and recoil electrons. They do not mention the occurrence of coincidences 
in groups, which if it had occurred would have at least affected the degree 
of certainty of their conclusions. 


1 A.H. Compton, Phys. Rev., 21, 483 (1923). 

2 P. Debye, Phys. Zeitschr., 24, 161 (1923).- 

3 W. Bothe and H. Geiger, Zeit. f. Phys., 26, 44 (1924). 

4W. Bothe and H. Geiger, Naturwissenschaften, 20, 44 (1925); Zeits. f. Phys., 32, 
639 (1925). 
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THE VISCOSITY OF LIQUIDS UNDER PRESSURE 
By P. W. BRIDGMAN 
JEFFERSON PuysicaL LABORATORY, HARVARD UNIVERSITY 


Communicated September 10, 1925 


A method has been developed by which the relative viscosity of liquids 
may be determined over a wide range of pressures at various temperatures. 
The method has been applied to 43 liquids in the pressure range between 
atmospheric and 12,000 kg./cm.” and at 30° and 75°C. ‘The results are 
summarized in tables 1 and 2. The results will be given in much greater 
detail elsewhere. In the detailed account will also be found certain data 
incidentally obtained, such as a number of new freezing points under 
pressure and the compressibility of glycerine to 12,000 kg. 

In table 1 are the results for all the liquids except water. The vis- 
cosity increases so rapidly with pressure that it is convenient to tabulate 
log (viscosity) rather than viscosity itself. Opposite each substance 
in the table are two lines of data; the upper line gives data for 30°C. and 
the lower line for 75°C. The data tabulated are the logarithms of the 
ratios of the viscosity at the pressure and temperature in question to the 
viscosity at atmospheric pressure at 30°C. The frequently missing data 
in the table correspond to the fact that the substance is not liquid under 
the conditions in question, but is frozen by the high pressure. From 
the data tabulated the change of temperature coefficient of viscosity with 
pressure may be found. In table 2 are the data for water; the change 
of viscosity under pressure is comparatively small, so that it is convenient 
to tabulate directly relative viscosity rather than log viscosity. 

Water is unique among the substances investigated in that, at low tem- 
peratures and pressures, its viscosity decreases with rising pressure instead 
of increasing. At low temperatures the viscosity passes through a pressure 
minimum and then increases. With increasing temperature the minimum 
flattens out, eventually disappears, and at temperatures above approxi- 
imately 25° the viscosity increases with rising pressure from the beginning. 
This anomalous behavior of water has been already suspected from pre- 
vious measurements of viscosity at low pressures. The anomaly is doubt- 
less connected, as are many of the other anomalies of water with a high 
degree of association, which changes rapidly with pressure and temperature. 

The viscosity of all the other 42 liquids increases uniformly with rising 
pressure. At low pressures the viscosity increases linearly with pressure, 
but beyond a pressure of the order of a thousand kilograms the rate of 
increase rapidly increases, so that a logarithmic curve is necessary to rep- 
resent the entire course of the curve. The curve of log viscosity against 
pressure is at first concave toward the pressure axis, but above a few thou- 
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TABLE i 
Loc RELATIVE VISCOSITY AS A FUNCTION OF PRESSURE AT 30° AND 75°C. 
LoGio 7/70 LoGie 7/70 
SUBSTANCE 2000 6000 12,000 | SUBSTANCE 2000 6000 12,000 
ATMOS. KG. KG. KG. ATMOS. KG. KG. KG. 
Methyl .000} .286 .616} .998 ¢estane .000} .559 | 1.175) 1.947 
Alcohol 9.769] .043 |’ .334| .655 9.821} .408 .960} 1.586 
Ethyl .000} .363 .829) 1.390] z-Amyl .000} .772 
Alcohol 9.657) .045 .473) .919] Decane 9.772) .463 | 1.334 
n-Propyl .000} .494 | 1.131) 1.915] Ethylene .000 
Alcohol 9.598) .074 .610} 1.223} Dibromide | 9.756) .203 
n-Butyl .000} .554 | 1.289] 2.208] Ethyl .000} .405 . 837] 1.323 
Alcohol 9.548} .089 .690} 1.396} Chloride 9.850} .285 .683] 1.111 
n-Amyl .000} .607 | 1.448] 2.495] Ethyl .000} .387 .854| 1.400 
Alcohol 9.540} .105 .722) 1.562] Bromide 9.806} .235 .653] 1.123 
i-Propyl .000} .591 | 1.318} 2.311] Ethyl .000} .385 . 888} 1.549 
Alcohol 9.505} .087 .701| 1.424] Iodide 9.837| .227 .672) 1.200 
1-Butyl .000] .696 | 1.655) 2.898 Britcsie .000} .373 . 804 
Alcohol 9.444] .075 . 838] 1.459 9.895) .245 .610} 1.031 
i-Amyl .000} .686 | 1.636) 2.952 Glycerine .000! .497 | 1.346 
Alcohol 9.424) .065 .848] 1.780 8.810] 9.204 | 9.818) .628 
i: Piabiind .000} .524 | 1.112} 1.846] Ethyl .000} .463 1.120 1.974 
9.811} .380 .908] 1.493} Acetate 9.836} .253 .761| 1.416 
«-Hezane .000} .561 | 1.224 n-Butyl .000|} .474 | 1.115} 2.018 
9.803] .379 .961| 1.646] Bromide 9.832) .273 .811} 1.484 
Pn ea .000| .641 | 1.487 ices .000 
9.810} .390 | 1.080 9.654) .575 
Oleic Acid .000 " Diethyl- .000} .761 
9.419} .255 aniline 9.690} .259 | 1.250 
ccL .000 Nitroben- .000| .264? 
9.760} .349 zene Decomposes 
.000} .386 . 884 .000 497 | 1.285 
Chloroform Tol : 
Por 9.858] .251| .691 otuen€ | 9.796] .267| .896| 1.832 
.000} .307 .674) 1.189 .000| .577 
fe -Xyl 
os 9.875] .180| -.527| .946]°° > | 9.767| .292 | 1.087 
Ether .000} .514 | 1.042) 1.670 m-Xylene .000} .529 
9.878) .344 . 806} 1.311 9.799} .286 .983 
n-Amyl .000} .708 | 1.685 .000 
-Xyl 
Ether 9.736| .364 | 1.125| 2.007] ?*"* | 9 797] «315 
.000 .000} .626 | 1.859 
Cycloh -C 
yon’ | 9.723) .341! pcymene | 9 300| .335 | 1.168|2. 1648 
Methyl .000} .710 | 1.804 Eugenol .000} 1.081 | 3.007 
Cyclohexane | 9.747) .484 | 1.335) 2.582 9.429} .143 | 1.520 
Benzene -000 
9.765) .308 
Chloroben- .000} .478 | 1.223 
zene 9.814) .245 .852 
Bromoben- .000} .486 
zene 9.801} .228 .874 
‘ities, .000} .709 
9.551} .102 
1 At 1500 kg. * At 1000kg. * At 10,000 kg. 
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sand kilograms the curve becomes nearly straight for most liquids, and for 
a number even reverses curvature slightly. The increase of viscosity 
under 12,000 varies from 10-fold for methyl alcohol to at least 10’ fold 
(extrapolated) for eugenol. It thus appears that the effect of pressure 
on viscosity is greater than on any other physical property hitherto 
measured, and varies more with the nature of the substance. The tem- 
perature coefficient of viscosity increases with rising pressure; the increase 
is of the order of several fold under 12,000, and varies much with the liquid. 

In general the results show a correlation between the increase of viscosity 
under pressure and the complication of the molecule. The increase is 
obviously less for such simple substances as methyl alcohol and CS:, and 
is greatest for substances with such complicated molecules as Cineole. 
This effect is particularly well marked in the various series of homologous 
compounds, such as the alcohols. 


TABLE 2 
RELATIVE VISCOSITY OF WATER 








PRESSURE RELATIVE VISCOSITY 
KG./cM.? 0° 10.3° 30° 75° 
1 1.000 .779 .488 . 222 
500 .938 .755 .500 . 230 
1000 .921 .743 .514 .239 
1500 .932 .745 .530 .247 
2000 .957 . 754 .550 . 258 
3000 1.024 .791 .599 .278 
4000 pie .842 .658 . 3802 
5000 1.218 .908 .720 .333 
6000 1.347 .981 . 786 .367 
7000 1.064 . 854 ‘ .404 
8000 1.152 .923 445 
9000 . 989 .494 
10,000 1.058 
11,000 1.126 

















Theoretically the viscosity of liquids is not well understood. It is, of 
course, well recognized that the mechanism of viscosity in a liquid is entirely 
different from that in a gas, as is shown by the fact that changes of pressure 
or temperature produce opposite changes in the viscosity of liquids and 
gases. Such theoretical discussions as there are, have placed special em- 
phasis on the relation between viscosity and volume. Thus Phillips! 
has viscosity a function of volume only; that is, at 75° a liquid under a 
pressure sufficiently high to reduce its volume to the volume at atmospheric 
pressure at 30° would have the same viscosity as at 30° at. atomspheric 
pressure. The data of this paper show that this relation is far from being 
satisfied. Brillouin® in his theory does not make viscosity a volume func- 
tion only, but makes it vary under changes of temperature at constant 
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volume very much less than under changes of temperature at constant 
pressure. He finds an expression for (0n/0r), in terms of the compres- 
sibility and the velocity of sound in the substance. Tested against the data 
of this paper this expression fails by a factor which may amount to thou- 
sands of fold. 

The very large pressure effects, the great variability of the pressure 
effect with the nature of the material, and the fact that the pressure effect 
is high in substances with complicated molecules suggests that there may 
be a very important element which is neglected in the usual explanations 
of the viscosity of liquids, namely an actual interlocking effect between 
the molecules. A complicated molecule may be thought to have geo- 
metrical projections which interfere with its free motion with respect to 
its neighbors. The restraint offered by such an interlocking will evidently 
be decreased by rising temperature, even at constant volume, and would be 
expected to be increased to a smaller or a very large extent (depending 
on the particular geometrical configuration) by decreases of volume under 
increasing pressure. 


1H. P. Phillips, these PRocEEDINGS, 7, 172-177 (1921). 
2 L. Brillouin, Jour. Phys. Rad. (V1), 3, 326-340, 362-383 (1922). 


THE AGING EFFECT IN THE MOBILITY OF POSITIVE IONS 
By H. B. WAHLIN 


DEPARTMENT OF Puysics, UNIVERSITY OF WISCONSIN 


Communicated August 21, 1925 


In an article entitled ‘‘Ionic Mobilities in Ether as a Function of Pres- 
sure,” which appeared in these PROCEEDINGS for July, 1925, Loeb questions 
the results on the aging in the mobility of the positive ions obtained by the 
writer! using the Franck modification of the Rutherford alternating 
potential method. The writer found, in agreement with results obtained 
by Erikson? using a blast method, that if the mobility was measured soon 
after the ion was formed, the value obtained was 1.80 cm./sec./volt/cm. 
while if the ions were aged the mobility dropped to the normal value, 
viz., 1.35 cm./sec./volt/cm. 

Loeb found that, due to the interaction of the alternating and the aux- 
iliary field, a change in the auxiliary field alone will produce a change in 
the mobility which he could not ascribe to any aging effect and for this rea- 
son contends that the author’s results are approximate only. That this 
effect, due to the gauze, was absent in the writer’s results will be seen from 
the following considerations. 

It was found that at a pressure of 30 mm. and with an auxiliary field of 
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1.5 volts the value 1.35 was obtained from the intercept of the curves. 
If the aging time was reduced by changing the auxiliary field to 3 volts 
the mobility increased to 1.80 and no further change could be produced 
by a further increase of the auxiliary field. If the pressure was now re- 
duced to 10 mm. the value obtained with a field of 1.5 volts was 1.80 and 
an increase of the auxiliary field to 3 volts produced no change. Obviously 
if Loeb’s contentions are justified a change should be observed here also. 
The fact that no change in the mobility was observed at a pressure of 10 
mm. means only that the ions reached the gauze before aging even with a 
field of 1.5 volts/cm. 

The ratio of the mobility of the unaged to that of the aged ion was about 
1.35 which checks within the limits of experimental error with the ratio 
found by Erikson, without the use of a gauze. From this evidence, it 
must be concluded therefore that in the writer’s experiments any effect 
due to the interaction of the auxiliary and the alternating field is negligible. 

In a more recent experiment the writer*® had been able, with improved 
conditions for aging, to obtain evidence for the existence of groups of ions 
in air with much lower mobilities than 1.35 cm./sec./volt/em. Thus, the 
curves for the aged ions instead of being smooth and with definite voltage 
intercepts, show sharp breaks such as would be present if groups of ions 
with different mobilities were present. Loeb questions the existence of 
these breaks and ascribes them to irregularities in the electrometer read- 
ings or to periodic variation in tHe source of alternating potential. These 
curves could be repeated at will, however, and in no case did the breaks 
fail to appear and always at the same voltage within the limits of experi- 
mental error. For instance, curve 3, figure 2 (of the article referred to 
above) was repeated twelve times and curve 2, figure 1, five times. That 
the breaks are not due to periodic variation in the source of alternating 
potential is indicated by the fact that the values obtained with the 60 cycle 
alternating current circuit check those obtained using a Hartley vacuum 
tube oscillator. 

Erikson‘ also has admitted from his results that mobilities lower than 
1.35 may possibly exist although he was unable to measure them. 

If the existence of these groups of ions be granted, an analysis of the 
curves presented in the article to which reference was made above will 
show that the effect of the auxiliary is negligible, since an increase in the 
auxiliary field causes no shift in the breaks of the curves along the voltage 
axis, but only a disappearance of successive breaks with increasing fields. 

The presence of these groups of ions with low mobilities would serve to 
account for a large part of the change in mobility with a change in the 
auxiliary field which Loeb ascribes to the effect of the gauze, since a change 
in the auxiliary field would affect the relative amounts of the different types 
of ions present and would thus change the mobility as computed by extra- 
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polating the steep part of the mobility curve to the point where it strikes 
the voltage axis. 

1H. B. Wahlin, Physik. Rev., 20, No. 3, Sept., 1922, p. 267. 

2H. A. Erikson, Jbid., 20, No. 2, Aug., 1922, p. 117. 

3H. B. Wahlin, Phil. Mag., March, 1925, p. 566. 

4H. A. Erikson, Physik. Rev., 24, No. 5, Nov., 1924, p. 502. 


THERMAL CONDUCTIVITY AND THERMO-ELECTROMOTIVE 
FORCE OF SINGLE METAL CRYSTALS 


By P. W. BRIDGMAN 
JEFFERSON PHYSICAL LABORATORY, HARVARD UNIVERSITY 


Communicated August 18, 1925 


This note summarizes results which will be given in much greater detail 
elsewhere. The thermal conductivity at room temperature and the ther- 
mal e.m.f. in the range between room temperature and 100°C. is meas- 
ured as a function of direction for single crystal rods of Bi, Zn, Cd and Sn. 
A few very incomplete results have also been obtained for Sb and Te, 
which will be found in the detailed paper. 

Thermal Conductivity—tIn figure 1 are plotted for Bi, Zn, Cd and Sn 
the reciprocals of the experimentally determined thermal conductivities 
against the specific electrical resistance in the same direction in which the 
thermal conductivity was measured. The experimental error is consider- 
able, but nevertheless certain conclusions may be definitely drawn. In 
the first place there is the question whether the symmetry relations deduced 
by Voigt! for thermal conductivity are satisfied.  Voigt’s relations demand 
that the thermal conductivity have rotational symmetry about the axis 
for these four metals, and that the relation be such that the reciprocal of 
thermal conductivity be a linear function of electrical resistance. The 
heavy lines in figure 1 indicate what seem to me to be the best straight lines 
through the experimental points. It would seem that within the some- 
what large experimental error the relation of Voigt is satisfied. 

We have further to consider whether the Wiedemann-Franz relation 
between electrical resistance and thermal conductivity holds in detail for 
all directions in a crystal. In this case, the relation between electrical 
resistance and reciprocal thermal ‘conductivity is not’ only linear, but 
the straight line must pass through the origin. In the figure the dotted 
line indicates what’seems to me the best line through the points and the 
origin. It would seem that im the case of Cd and certainly in the case’ of 
Zn the experimental error is not large enough to allow a line through the 
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origin, and that the conclusion may be drawn that the generalized Wiede- 
mann-Franz law cannot hold for all directions in a crystal. 

Thermo-electromotive Force.—The thermal e.m.f. between crystal rods 
of different orientations and copper was measured. For any single orienta- 
tion the e.m.f. of the couple could be expressed in a two-power series in 
the temperature: 


Ecu—crys, = at + ; P. 





FIGURE 1 

Reciprocal of the thermal conductivity (in gm. cal./cm. sec. °C.) as ordinates against 
specific electrical resistance in ohms per cm. cube X 10°. ‘The full lines show the best 
lines through the observed points, and the dotted lines the best lines through the origin. 
Voigt’s symmetry relations demand that the points lie on the full lines, the generalized 
Wiedemann-Franz law demands that they lie on the dotted lines. The maximum 
possible range of resistances for directions ranging from perpendicular to parallel to the 
crystallographic axis is, respectively: Sn, 9.9 to 14.3; Bi, 109 to 138; Zn, 5.91 to 6.13; 
Cd, 6.80 to 8.30. 


From this the Peltier heat when current passes from Cu to a crystal rod 
of the orientation in question is found by the conventional thermody- 
namic analysis to be 


Powers. i (a so bt) T; 
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and the Thomson heat in the crystal when current is flowing in this par- 
ticular direction is: 


Sorys, ~ Fou = br. 


Here ¢ is ordinary Centigrade temperature and 7 is absolute Centigrade 
temperature. : 

The experiments gave the coefficients a and b as a function of the direc- 
tion in the crystal. The experimental accuracy is much greater here 
than for thermal conductivity, so that the experimental points need not 


satit 








me ms 


SHE 


i 6 a 
rei 
tt 


38: 


FIGURE 2 
Plotted against specific electrical resistance X 10° as abscissae are the coefficient a 
(Peltier heat against Cu at 0°C./273) shown as full lines with the scale at the left in 
microvolts, and the coefficient 6 (Thomson heat against copper /273) shown as the 
dotted line with the scale at the right in microvolts. 


be given in detail. In figure 2 are plotted the coefficients a and 6 in micro- 
volts as a function of the specific resistance in the direction in question. 
It appears from the diagram that the Thomson heat, which except for a 
constant is equal to b, is a linear function of the resistance, but that 
except in the case of Cd, a (or Peltier heat) is certainly not a linear func- 
tion. 

The sort of results to be expected theoretically appear to have been dis- 
cussed only by Thomson? and Voigt.* Thomson’s results are not given 
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in detail, but only certain general conclusions are stated which Voigt 
states are in agreement with his own results. Voigt’s analysis is given in 
complete detail. It appears on examination that Voigt’s analysis applies 
only to the Thomson heat and not at all to the Peltier heat, which is by 
far the most important effect experimentally; it would appear by implica- 
tion that Thomson did not consider this part of the phenomenon either. 
From Voigt’s analysis we may conclude that the Thomson heat has the 
same sort of rotational symmetry as electrical resistance or reciprocal ther- 
mal conductivity. The linear relation between b and electrical resistance 
shown in figure 2 verifies this analysis. 

We have now to consider the significance of the most important term, 
the Peltier heat absorbed reversibly when current passes across the surface 
of a crystal into an isotropic conductor. By means of very simple con- 
siderations to be given fully in the detailed paper, it may be shown that 
the heat absorbed at the surface of discontinuity does not depend at all 
on the orientation of the surface with respect to the crystal, but only on 
the direction of flow within the crystal before emergence. It is an im- 
mediate simple deduction that when the direction of current flow changes 
inside the crystal there is a reversible absorption or evolution of heat 
equal exactly to the difference of ordinary surface heat corresponding to 
the two directions of flow. This internal heat may be called the internal 
Peltier heat. I cannot find that it has been previously mentioned, al- 
though experimentally it may evidently be very large. © 

There is no simple connection between the sign of the internal Peltier 
heat and direction. In the case of Bi and Sn, heat is absorbed when the 
direction of current flow changes from parallel to the axis to perpendicular 
to the axis, whereas for Zn and Cd the sign is opposite. 

There do not seem to be any such conditions of symmetry on the Pel- 
tier heat, either external or internal, as there are on the Thomson heat. 
Experimentally this conclusion is justified by the various shapes found for 
the curves of a against resistance. It does not even seem necessary 
that P have rotational symmetry. Experimentally the results have not 
sufficient accuracy to justify a final conclusion on this point, but the con- 
clusion is at least justified that any departure from rotational symmetry 
is slight for these particular metals. 

The mere existence of an internal Peltier heat would seem to have im- 
portant bearings on our views of the nature of electrical conduction. I 
cannot see that any of our ordinary pictures of electrical conduction would 
lead us to expect a reversible absorption of heat on changing the direction 
of current flow. The dimensions of P are significant. We have here a 
definite absorption of heat per electron when the direction of flow is altered, 
independent of the magnitude of the current or the velocity of flow. This 
rules out any attempted explanation in terms of kinetic energy or mo- 
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mentum effects. It may be that we shall be driven to assume that the 
electron here functions as a dipole (magnetic), evidence for which has al- 
ready been given by Compton, and that when moving in different direc- 
tions in the non-isotropic force field of a crystal it assumes different orienta- 
tions. 


1W. Voigt, Lehrbuch der Krystallphysik, Teubner, Leipzig, 1910, p. 369. 

2 W. Thomson, Edin. Proc., 3, 255, 1854; Edin. Trans., 21, 153, 1857; Phil. Mag. 
(4) 11, 379 and 433, 1856. 

2 W. Voigt, J. c., p. 534. 


ON THE QUANTUM THEORY OF THE POLARIZATION OF 
RESONANCE RADIATION IN MAGNETIC FIELDS 


By J. H. Van VLECK 
DEPARTMENT OF Puysics, UNIVERSITY OF MINNESOTA 


Communicated August 20, 1925 


Introduction —The theory of the polarization of resonance radiation 
in magnetic fields strong enough for spacial quantization was developed 
independently and simultaneously by Pringsheim,! Breit,? Joos* and Gav- 
iola and Pringsheim,‘ following to some extent previous suggestions of 
Hanle® and of Foote, Ruark: and Mohler.’ It is a direct consequence of 
the quantum theory of the Zeeman effect, which may be either normal or 
anomalous. The polarization of an individual Zeeman component is 
linear or circular according as the change in the magnetic quantum number 
is zero or unity in the quantum transition with which the component is 
associated. In the experiments of Wood,’ Ellett* and others the Zeeman 
components are unresolved and so the observed polarization is the resultant 
polarization resulting from the superposition of the linear and circular 
components. This resultant polarization is the quantity in which we are 
here interested and can be computed when we know the relative intensities 
of the Zeeman components; i.e., the relative probabilities of the various 
transitions. 

The present paper aims to call attention to two interesting consequences 
of this quantum theory of polarization: (1) the quantum theory gives the 
same angle 54.7° of no polarization as does the classical theory provided 
the hypothesis of spectroscopic stability (explained below) is valid; (2) 
the recent experiments of Ellett and others on the amount of polarization 
of sodium D resonance radiation are in reasonably good accord with the 
theory for determining transition probabilities developed by Ornstein and 
Burger,® and extended independently by Hénl,'® Goudsmit and Kronig,'! 
Heisenberg (unpublished) and H. N. Russell.!2 Only the original rules 
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of Ornstein and Burger and not the extensions are directly involved in the 
present paper, for the former suffice to determine relative intensities in 
the Zeeman pattern of the sodium D lines. 

Spectroscopic Stability and the Angle of No Polarization.—Let us first 
suppose that the primary radiation which excites resonance is unpolarized 
and isotropic. By the term ‘‘isotropic’’ we mean that the incident rays 
are equally intense in all directions. ‘This will be the case when atoms are 
excited by temperature radiation. Then the resonance radiation is ob- 
viously unpolarized in the absence of a magnetic field, as one direction is 
as good as another. According to the so-called hypothesis of spectroscopic 
stability discussed by Bohr,'® Heisenberg’ and others, the resultant 
polarization due to the superposition of the various components is also 
zero in the presence of a magnetic field (neglecting unimportant gradual 
changes proportional to the strength of the field), provided that the pri- 
mary radiation remains unpolarized and isotropic. Under this isotropic 
excitation in a magnetic field there is twice as much energy available for 
absorption of circularly polarized components as for the absorption of the 
linearly polarized components, since circular vibrations may be decom- 
posed into two perpendicular linear vibrations. 

Ordinarily resonance is excited by a directed beam of light. This type 
of excitation is that which we shall consider henceforth. The primary 
radiation is no longer isotropic, and the resonance radiation is then usually 
polarized. The amount of polarization depends on the distribution of 
electrons among excited orbits. This in turn depends on the relative 
absorption of the linearly and circularly polarized components associated 
with transitions to the excited states. Now if the electric vector E of 
a plane-polarized primary beam makes an angle @ with the direction of 
the applied field H, the energies p, and p; available for the absorption of 
circularly and linearly polarized components are, respectively, proportional 
to E’sin*@ and E*cos*@. Consequently for @ = tan-'4/2 = 54.7° the 
ratio p,/p; has the same value 2 as in isotropic radiation. Hence if spectro- 
scopic stability is granted, the resonance radiation is unpolarized when the 
angle between E and H is 54.7°. The same result has been previously ob- 
tained by Eldridge’ and others,'* but on the basis of the classical theory 
of scattering by linear oscillators. 

A conclusive experimental confirmation of a depolarizing angle of 54.7° 
would be an interesting check on the much-mooted hypothesis of spectro- 
scopic stability. For the mercury line 2536A the angle of no polarization 
observed by Hanle'’ is 54.7° within the experimental error, but Ellett® 
in experiments which are a refinement of previous work by Wood and 
Ellett’ obtains an angle of 45° + 3° for sodium D radiation. 

If the primary beam is unpolarized instead of plane-polarized, it is found 
by reasoning similar to that given above that with spectroscopic stability 
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the resonance radiation should be unpolarized when the applied magnetic 
field makes an angle of 54.7° with the direction of the incident beam instead 
of an angle 54.7° with the electric vector E. An experimental distinction 
between the depolarizing angles in the plane-polarized and circularly 
polarized cases does not appear to have been made and may reveal why 
Ellett gets 45° instead of 55° in the plane-polarized case. 

Mathematical Theory—To get the polarization for an arbitrary angle 
6 between E and H we must make a calculation similar to that of Breit? 
or Gaviola and Pringsheim,* which we shall give only briefly. Let a; 
be the transition probability of the linearly polarized Zeeman component 
originating at the excited state 7, and let A; be the sum of the corresponding 
probabilities for the two circularly polarized components. Very often 
some of these linear and circular components are lacking because of the 
absence of appropriate final states, and we then take the corresponding 
probabilities to be zero. The number of electrons reaching the excited 
state i is proportional to E*(a,cos@ + 43A;sin?0). This follows!® since 
absorption and emission probabilities are proportional to one another in 
non-degenerate systems, and since the plane-polarized primary beam under 
consideration is only half as effective for producing circularly polarized 
absorption as is the isotropic radiation assumed in defining absorption 
probabilities. Of the electrons reaching the state 7 a fraction a;/(a; + Aj) 
return via the linearly polarized route and a fraction A;/(a; + A;) via 
the circularly polarized one. Consequently the total visible intensities J, 
and J, of the linearly and circularly polarized components are, respectively, 








l= CY = oe (a;cos# + 3A,sin*®)E°, (1) 
I, = C) >, A (a;cos?@ + 3A,sin?0)E?, (2) 
"a; + A; 


where C is a constant and the summation is to be taken over all the excited 
states 7 which are optically unresolved. We assume that the direction of 
observation is normal to the magnetic field, so that only half of the circu- 
larly polarized light can be seen, thus giving the factor } in (2). 

According to the hypothesis of spectroscopic stability we have Ai 
= 25a; and it can be verified from (1) and (2) that then, and only then 
we have J; = I, when tan? = +/2. This agrees with the depolarizing 
angle obtained above by very simple reasoning. 

Sodium D Radiation—There the possible changes of the magnetic 
quantum number are as follows: 


Dz §$—>3(A1); 3—>3(a); 3 —> —3 (Ad); 
D; $—>}(a;); $—> —}(A)). 
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There is also a similar set of transitions which is obtained by reversing 
the sign of the magnetic quantum number throughout, but this, because of 
the symmetry, can be omitted from consideration. We have placed in 
parentheses after each transition the designations which we shall use for 
the corresponding transition probabilities. As only one circularly polar- 
ized component originates at each excited state for D radiation, the A; 
here denotes a single transition probability rather than the sum of two as 
in the general case discussed above. We have not introduced a prob- 
ability a;, as there is nofinal state of magnetic quantum number */2, and 
hence we may take a; = 0 in (1), (2), ete. 

Spectroscopic stability alone does not suffice to determine the transi- 
tion probabilities for D2, but according to the rules developed by Ornstein 
and Burger® we have 


Ay:0@:A2:03:A3 = 3:2:1:1:2. (3) 


The transition probabilities used by Breit and also those proposed by 
Gaviola and Pringsheim do not conform to (3) and are probably not ten- 
able. This is not surprising, for their papers anteceded recent theoretical 
developments on the intensities of Zeeman components. Breit’s prob- 
abilities, to be sure, are based upon experimental data on the intensities 
of Zeeman components given in Paschen and Gétze’s tables. This data, 
however, is not sufficiently accurate, for it gives a depolarizing angle of 
only 31°—not to mention the fact that recent accurate experiments of 
Ornstein, Burger and van Geel!® made on Zeeman components in zinc indi- 
cate that the rules of Ornstein and Burger are correct. 

Joos* employed the transition probabilities (3), but as intimated by 
Gaviola and Pringsheim,‘ his calculations are marred by a numerical 
error because he did not include the factor '/:’by which A; is multiplied in 
our Eqs. (1) and (2). (For this reason he gets a depolarizing angle of 
45° instead of 54.7°). Gaviola and Pringsheim revised Joos’ caclulations 
on the assumption of no D, radiation. We shall extend the results by 
calculating the percentage polarization for an arbitrary intensity-ratio 
q of D, to Dz in the incident beam. 

The fractional amount, p, of polarization is obtained by susbtituting (3) 
into (1) and (2). We thus get after some simplification 


s - I, 2 9cos*é — 3 (4) 
+I, 7+ 4q+ 3cos’* 








p 


Here we have assumed that the primary beam contains g times as much 
energy of frequency D, as of frequency D2, so that the factor EZ? in (1) 
and (2) is q times as large for D, (i.e., for the term 7 = 3) as for D, (i = 
1,2). We suppose the direction of observation normal to the field. The 
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maximum electric intensity in the resonance radiation is parallel or perpen- 
dicular to the magnetic field according as p is positive or negative. 

Unless otherwise stated, throughout the balance of the article we shall 
take g = 1/2 since D, is half as intense as Dz; when emitted under equilib- 
rium conditions. 

Let the direction of observation be the z-axis, and the direction of the 
primary beam the x-axis. Various simple cases of the above formula will 
then be considered below. 

(a) Let the applied magnetic field be parallel to the x-axis, i.e., longi- 
tudinal with respect tothe primary beam. Then @ = 7/2 and p = —0.33. 
Ellett® finds p = —0.28, while experiments by Gaviola and Pringsheim‘ 
give p = —0.25. In this case (qa), it is immaterial whether or not the 
primary beam is polarized. 

(b) Let the incident beam be plane-polarized with its electric vector 
E parallel to the z-axis, and let the applied field be anywhere in the x-y 
plane. ‘Then the results are as above, as we still have @ = 1/2. 

(c) Let both E and H be parallel to the y-axis. * Then 6 = 0 and 
p = 0.50. Ellett observes 45% polarization. 

(d) Let H be parallel to the y-axis and the incident beam be unpolarized. 
As the two orthogonal components of unpolarized light are equal, the effect 
is the same as though we had linearly polarized light with 6 = 7/4. This 
gives” p = 0.14, which is just the amount of polarization observed by Ellett. 

(e) Let H be parallel to the z-axis. This case is not covered by Eq. 
(4), as the field is parallel rather than normal to the direction of observa- 
tion. The polarization is, however, obviously zero, for the linear com- 
ponents are invisible and the circularly polarized components project 
equally onto two perpendicular axes for resolving the polarization. A 
vanishing polarization is observed experimentally provided the field is 
strong enough for spacial quantization, as assumed throughout the article. 

The greater the amount of Dj, the less the polarization since D; radia- 
tion by itself (g = ©) is unpolarized. ‘To illustrate this quenching effect 
of D, on the polarization, calculations are included in the following table 
for g = 0 (i.e., no D,) and for g = 1. The results obtained by Breit and 
by Gaviola and Pringsheim with other transition probabilities (as listed) 
are also given. 


PROBABILITIES D:/D2: PERCENTAGE POLARIZATION 

Ai : a2 : At: as: As q  casgs(a)-(b) (c) (d) (e) 
Experiment 4? 28% 45% 14.2% 0% 

S2: ZB 3 Af: 7203 0 43 0. ThE 8 
Eq. (4) (Revised Joos) 4.22 42°4:: 2 3 33 6). 14.8 0 

EI at een eR 1 27 SB. 39:5; 8 
Breit 29:15:17: 9:20 1 30 PSS aE ee | 
Gav. & Prings. See te tee ee 0 20 33 3° oO 


The observations agree much better with Eq. (4) than with the 
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probabilities of Breit or of Gaviola and Pringsheim, thus confirming the 
correctness of Ornstein and Burger’s method of determining transition 
probabilities. Breit and Gaviola and Pringsheim make their calculations 
for gq = 1 and gq = 0, respectively. Their results could readily be extended 
to the more probable case g = 3. This would make Gaviola and Pring- 
sheim’s results even lower and would not raise Breit’s results sufficiently 
to avoid the bad disagreement with experiment in case (c). 

The observed results are intermediate between the results obtained 
with Eq. (4) for g = '/2 and q = 1. This is not unreasonable, as there 
may be more than half as much D, as Dz in the incident beam since Dz 
is absorbed more strongly than D,, thus making the strength of D, rela- 
tive to D, somewhat greater than at the source.”4 Another possibility 
is that while g = } the experimental values are slightly low because of 
unavoidable impurities or stray fields. 

Polarization in the Absence of a Magnetic Field—Heisenberg™ has re- 
cently suggested that the polarization of resonance radiation excited by 
a plane-polarized primary beam is the same in the absence of a field as 
when a magnetic field is applied parallel to the electric vector of the in- 
cident beam (case c). Ellett observes 16% in the absence of the field 
which is quite different from the observed value 45% in case (c). Breit? 
has suggested that the polarization in the absence of a field is the same as 
the average for a random distribution of fields. If a formula given by 
Breit on p. 839 of his paper? is used but modified in accordance with the 
transition ‘probabilities (3) and with the assumption g = 3, the calcu- 
lated polarization is 11.5%, which is not a great deal too low. 

When the primary beam is unpolarized instead of plane-polarized, it is 
easily found by extending Breit’s method of calculation that the percentage 
polarization should be 6.2%, whereas 9% is observed by Ellett. Heisen- . 
berg’s hypotheses would lead us to expect the same polarization as in case 
(a), where 28% is observed. Possibly Heisenberg’s hypotheses are really 
correct but there are impurities or stray fields which make Breit’s method 
more nearly applicable. 

1P. Pringsheim, Die Naturwissenschaften, 12, 247 (1924); Zs. Physik, 23, 324 
1924). 
' es Breit, Phil. Mag., 47, 832 (1924). 
3G. Joos, Physik. Zs., 25, 130, 298, 400 (1924). 
4. Gaviola and P. Pringsheim, Zs. Physik, 25, 367 (1924). 
5 W. Hanle, Die Naturwissenschaften, 11, 690 (1923). 
6 P. D. Foote, A. Ruark and F. L. Mohler, J. Opt. Soc. Amer., 7, 415 (1923). 
™R. W. Wood and A. Ellett, Proc. Roy. Soc. London, 103, 396 (1923); Physic. 
Rev., 24, 243 (1924). 
8 A. Ellett, J. Opt. Soc. Amer., 10, 427 (1925). 
*L. S. Ornstein and H. C. Burger, Zs. Physik, 28, 135; also especially 29, 241 
1924). ; 
: H. Hénl, Zs. Physik, 31, 340 (1925). 
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11 G, Goudsmit and R. de L. Kronig, Versl. Akad. Amsterdam, 34, no. 2; also R. 
de L. Kronig, Zs. Physik, 31, 885 (1925). 

12H. N. Russell, Proc. Nat. Acad. Sci., 11, 314 (1925), especially p. 319. 

18.N. Bohr, The Quantum Theory of Line Spectra, Copenhagen, p. 85; Zs. Physik, 
13, 149 (1923); Die Naturwissenschaften, 12, 1115 (1924). 

14 W. Heisenberg, Zs. Physik, 31, 617 (1925). 

% J. A. Eldridge, Physic. Rev., 24, 234 (1924). 

16 Hanle also predicts an angle of 54.7°, but it is not clear whether he uses the classi- 
cal or quantum view-point. 

1 W. Hanle, Zs. Physik, 30, 93 (1924). 

18 For greater detail see Gaviola and Pringsheim,‘ p. 372, ff., or Breit,? p. 835. 

LL. S. Ornstein, H. C. Burger and W. C. van Geel, Zs. Physik, 32, 681 (1925). 

” The writer is unable to agree with a statement made by Ellett® that according 
to the quantum theory we may likely expect zero polarization in case (d). 

21 Cf. Gaviola and Pringsheim,‘ p. 372. 
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If the condition of dynamic stability is ignored, the steady state of low- 
est energy of the hydrogen molecule ion should be that in which the elec- 
tron vibrates in a straight line perpendicular to the line joining the nuclei 
and through the middle point of this line. The energy of this steady 
state has been calculated using the following assumptions: the inverse 
- square law of force is assumed to hold between the electron and the posi- 
tive nuclei, the motion of the electron is described by classical mechanics 
and the steady states fixed by the Wilson-Sommerfeld quantum conditions, 
and finally the mean value of the component of the force of attraction be- 
tween the electron and one nucleus is set equal to the force of repulsion 
between the two nuclei. This model is dynamically unstable with respect 
to a displacement of the electron in the direction of the line joining the nu- 
clei at least when the nuclei are not rotating. 

The results of the calculations can be briefly summarized and will be 
published in greater detail elsewhere. ‘The phase integral has been taken 
over one complete oscillation of the electron, i.e., from a point farthest from 
the line joining the nuclei to the farthest point on the opposite side of this 
line and back to the original position. The energy for these steady states 
in which the electron is moving in a straight line perpendicular to the line 
joining the nuclei (hereafter referred to as the vibration orbits) is given by 
the relation 
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W = (1) 


n*2 T 

In this formula R is the Rydberg constant, h Planck’s constant, c, the velocity 
of light and »* the quantum number. B is the ratio of the distance between 
the electron and one nucleus, when it is farthest from the line joining the 
nuclei, and one-half the distance between the nuclei. K(k), E(k), and 
II,(m,k) are the complete elliptic integrals of the first, second and third 
kinds, respectively, having the modulus k = 1/2(1—1/B) and the parameter 
n=(1-—1/B). Band therefore K(k), E(k) and II,(n,k) are further subject 
to the condition that 


rae 


5) (2E(k) — K(k)) = 0, (2) 


B 

8 Tl, (n,k) = ( 
this being the final form of the condition that the mean force acting on the 
nuclei in the direction of the line joining them shall be zero. The distance 
between the nuclei is given by the relation 


‘ 


2c ar? n*2 


a 4(Ih(n,k) — 2E(k) + K(k)?’ 


a being the radius of the first Bohr orbit of the hydrogen atom and c half 
the distance between the nuclei. Equation (2) has been solved by trial 
and the values of B, K(k), E(k) and II,(n,k) so secured have been sub- 
stituted in equations (1) and (3). With the numerical values substituted 
these two equations become, respectively, 


(3) 





W = —Rhe, + 1.2300, (4) 
n*2 


2 os 9001 am (5) 
a 


The ionizing potential calculated is 16.65 volts. This agrees well with 
that observed by Olson and Glockler.1 Eight of the nine potentials ob- 
served by these authors can be represented by the formulae 

V = 3.15 + 13.53 (: - +), n = 3, 4, 5,6, 7 and © (6) 


and 


v=1668(1-4),n = 3,4 and ~,- (7) 


The latter formula was called to the writer’s attention by Dr. A. R. Olson 
at the time their work was published in 1923. The theoretical formula 
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from the value of the ionizing potential for the model suggested here for 
dissociation of the hydrogen molecule ion and resonance of the atom to 
higher quantum states is 


V = 3.12 + 13.53 (1 _ x) peed... an 
n 


and for resonance of the H? ion to higher steady states 


V = 16.65 (1 _ on). PR, Be kk inns (9) 

The close agreement between the potentials observed by these two men 
and those calculated here is quite remarkable. A study of the conditions 
of the Olson and Glockler experiment shows that it is possible to interpret 
their data in accordance with the theory, i.e., as being due to the hydrogen 
molecule ion and not to the molecule. If the electrometer current which 
they measured is due to ions only, and if the ionizing potential of the hy- 
drogen molecule lies above 13.27 volts and below 14.80 volts, which are 
. the critical potentials calculated from formula (4) for n* equal to 2 and 3, 
respectively, the absence of the experimental value for m equal to 2 in 
formula (6) is explained. No current would be observed until H? ions 
are produced and if these are first produced above the 13.27 volt point, 
this point could not be observed. This gives a possible explanation of this 
unexpected and puzzling point in their work. 

If then we adopt 14.84 volts (Olson and Glockler’s lowest potential) 
as a maximum for the ionizing potential of the molecule, and 16.65 volts 
as that of the hydrogen molecule ion, a maximum value for the heat of 
dissociation of the molecule can be calculated by adding these two num- 
bers and subtracting twice the ionizing potential of the hydrogen atom, 


14.84 + 16.65 — 27.06 = 4.03 volts (maximum). 


This is equivalent to 102,500 calories per gram molecule and is only slightly 
larger than the values secured by other methods. Langmuir? secured 
84,000 calories, Isnardi* 100,000 calories and Wohl* 95,000 calories. 

The moment of inertia of the normal state of the hydrogen molecule 
ion assuming that this is the first vibration state is about what should be 
expected from the moment of inertia of the excited hydrogen molecule as 
calculated from the Fulcher bands of hydrogen. The moment of inertia 
of the normal ion is 2.60 X 10~‘*! g. cm.*, while the moment of inertia of 
the hydrogen molecule as calculated from the first Fulcher bands® is about 
1.86 X 10-*1 g.cm.? The Bohr® model of the hydrogen molecule ion has 
a moment of inertia of 7.05 X 10~-*! g. cm.? and the Pauli-Niessen’ model, 
72.0 X 10—*! g. cm.? 
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There are four points of agreement between the theory and the experi- 
mental data. The theoretical calculation of the two empirical formulae 
(6) and (7) may be regarded as two independent points of agreement. 
The calculation of the heat of dissociation of hydrogen, though only ap- 
proximate, checks the experimental data fairly well and the value calcu- 
lated is the larger as is to be expected. Finally the moment of inertia 
calculated for the hydrogen molecule ion is only slightly larger than that 
of the excited hydrogen molecule as calculated from band spectra, and 
shows far better agreement with the expected value than either the Bohr 
or Pauli-Niessen models of the ion. 

The theory, however, does not agree with a large part of the ionizing 
potential data on hydrogen. Most observers agree on placing the ionizing 
potential of hydrogen at about 16 volts instead of <14.80 volts. How- 
ever, it seems that agreement between so simple a theory and even one 
piece of experimental work claiming such a high precision (a few hundredths 
of a volt) is of some interest. 

The theory predicts that there should be an ultra-violet spectrum be- 
longing entirely to the hydrogen molecule ion and free from the spectrum 
of the hydrogen molecule in the region between about 850A and 741A. 

Further work is being done on the calculation of the rotational and vi- 
brational states of the nuclei of the hydrogen molecule ion with the ob- 
ject of testing the theory with the spectroscopic data on the many lined 
spectrum of hydrogen. 

1 A. R. Olson and G. Glockler, Proc. Nat. Acad. Sci., 9, 122 (1923). 

2 Irving Langmuir, J. Amer. Chem. Soc., 37, 417 (1915). 

3T. Isnardi, Z. Elektrochemie, 21, 405 (1915). Wohl corrected a slight error of 
calculation in Isnardi’s work. See following reference. 

4K. Wohl, Ibid., 30, 49 (1924). 

5H. S. Allen, Proc. Roy. Soc., 106A, 69 (1924). 

6 The energy and dimensions of the Bohr model have been given by Sommerfeld 
in his book on Atombau und Spektrallinien, 3rd Edition, Friedr. Vieweg & Sohn. See 
appendix 14. 

7W. Pauli, Ann. Physik, 68, 177 (1922). K. F. Niessen, Ibid., 70, 129 (1923). 
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THE MECHANISM OF CARBOHYDRATE UTILIZATION 
By ALBERT L. RAYMOND 


Gates CHEMICAL LABORATORY, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated August 20, 1925 


The purpose of this note is to outline a theory elaborated by the author 
which appears to afford satisfactory explanation of much of the published 
data relating to the degradation of carbohydrates by enzyme systems both 
“in vivo” and “in vitro.” Experimental work to test the theory has been - 
in progress for some time! and on completion may necessitate certain 
modifications. As this is intended to be merely a preliminary note, the 
arguments for the various assumptions are not elaborated. 

The mechanism of the process of alcoholic fermentation as accomplished 
by enzymes is believed to be as follows: 

(a) The hexose reacts with inorganic phosphate to form a hexose mono- 
phosphate ester. 


CeHwOs + ReHPO, = CeHn0;.R2PO, + HO. (1) 


This is believed to be a new proposal and receives support from the 
fact that Robison,? employing dried yeast and maintaining a maximum 
rate of fermentation by additions of inorganic phosphate, was able to iso- 
late a hexose monophosphate which was readily fermentable by zymase 
preparations. The high concentrations of glucose and phosphate, em- 
ployed by him offer the optimum conditions for the accumulation of the 
monophosphate as required by the theory. 

(b) The introduction of the phosphate group facilitates cleavage into 
two triose groups, one of which contains all of the phosphorus. 


C6H1;0;.R2PO, = C3H;O02.RePO.4 4 (C3H¢0s). (2) 


(c) The phosphorus-containing portion is condensed to a hexose di- 
phosphate, while the remainder is transformed into alcohol and carbon di- 
oxide. 


2C3Hs02.RzPO, = CeHio0O«(RePO,), (3) 
(CsHeO3) = CO2 + C,H;OH. (4) 

(dq) The hexose diphosphate is hydrolyzed back to hexose.* 
CsHi04(RePO,)2 + 2H2O = CoHi2Oe + 2R2HPOQ,. (5) 


The phosphorus-free triose represented by (C3H¢Os) is believed to be a re- 
active substance which is not identical with any of the known isomers of 
this empirical formula. The symbol employed is also intended to include 
hydrated or dehydrated forms, such as CsHgO, or C3H,Os. 
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As to the mechanism by which (4) is accomplished, it may be said that 
to the present author the proposal of Neuberg and Kerb‘ appears most 
satisfactory. They suggested that methylglyoxal was the intermediate 
in the process, but if the concept of the reactive triose and the symbol 
proposed for it be substituted, then their mechanism may be written as 
follows: 


2(CsH.O3) = CH;CO.COOH + CH.OH.CHOH.CH:0H (6) 
CH;CO.COOH = CH;CHO + CO, (7) 
(CsH6Os) + CH;CHO = CH;CO.COOH + CH;CH.2OH. (8) 


Assuming (7) and (8) to have much higher specific rates than (6), it 
follows that small amounts of glycerol and acetaldehyde will be formed at 
first, but that subsequently the reactive triose will be disposed of by (8). 

In addition to the above proposals it is believed that the presence of 
insulin or an insulin-like material is essential in order that reaction (1) 
proceeds. Euler and Myrback® have shown that co-zymase and insulin 
are not identical, in that co-zymase free preparations cannot be activated 
by insulin, but this fact does not preclude the possibility of their both be- 
ing essential to the complete mechanism. 

The mechanism of the animal metabolism of carbohydrate is inclloteed to 
be related to that proposed above for alcoholic fermentation. 

(a2) Muscular activity is not considered to be prerequisite for the first 
step, which is identical with (1). 


CoH12O5 + ReHPO, = CeH10s.RsPO, + H,0. (1) 


The disappearance of sugar and inorganic phosphate from the blood after 
insulin injections is ascribed to the occurrence of this reaction. 

(b) . The second step consists as before in the cleavage of the hexose 
mono- phosphate. 


CeHi05.RePO, = (CsHeO3) + CsHsO2.RaPOx. (2) 


(c) In the presence of sufficient oxygen the reactive triose undergoes 
oxidation, perhaps in several stages. In a deficient oxygen supply iso- 
merization occurs and lactic acid is formed. 


““Lactacidogen,”’ the precursor of lactic acid, is therefore hexose mono- 
phosphate and not the diphosphate as has been proposed by some. 

(d) ‘The triose phosphate is not available to the organism until it has 
been reconverted to phosphate-free hexose, perhaps through glycogen as 
an intermediate. It is in fact conceivable that this is the main source of 
glycogen in the animal body. 
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To summarize, the mechanism tentatively proposed above may be dia- 
grammatically represented as follows: 


Insulin 
Glycogen—>Hexose——-—> Hexose mono-phosphate 


| 


Hexose di-phosphate<—Triose phosphate and Reactive triose 


fou 
ww 
of ‘ 


Carbon Lactic 

dioxide acid 
and 

Water 


1 It has recently been noted from the Zentralblatt that Euler and Myrback (Svensk. 
Kem. Tidskr., 36, 295-306 (1924)) have made an apparently similar suggestion. As 
the original article has not been available it has been impossible to learn how closely the 
two theories coincide. 

2? R. Robison, Biochem. J., 16, 809 (1922). 

3 This step has been definitely established by Harden and his co-workers and the 
enzyme accomplishing the change has been named hexosephosphatase. 

* Neuberg and Kerb, Biochem. Zs., 58, 158-170 (1913). 

§ Euler and Myrback, Chemie Zelle Gewebe, 12, 57 (1925). 


THE SEPARATION OF CHLORINE INTO ISOTOPES (ISOTOPIC 
ELEMENTS) AND THE WHOLE NUMBER RULE FOR ATOMIC 
WEIGHTS 


By WILLIAM D. HARKINS 
Kent CHEMICAL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated August 26, 1925 


Introduction —The existence of isotopes among the heaviest or radio- 
active elements was demonstrated by the difference in the rays emitted 
by “different radioactive elements of almost identical chemical properties” 
now designated as isotopes of the same chemical element. Isotopes have 
been shown to exist in the light elements by two independent methods: 
by their detection in the positive ray method, and by the actual separation 
of the isotopes. The earliest use of the positive ray method for detecting 
isotopes by J. J. Thomson! resulted in the discovery of the isotopes of neon, 
while the separation of chlorine into isotopic fractions by Harkins and 
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Broeker? proved the non-elementary nature of this substance commonly 
designated as an element. 

Up to the present time no method which has applied any other general 
principle than that of diffusion has given even the slightest change in the 
atomic weight of anelement. Of the two varieties of the diffusion method, 
diffusion through a porous wall or through the surface of the liquid itself, 
the former has proved to give in general the more rapid separation. In 
beginning work upon the separation of chlorine into isotopes in 1916, 
Harkins and Turner® chose the stems of church-warden smoking pipes as 
giving the best available porous walls for the diffusion of either chlorine 
or hydrogen chloride. A small change in the atomic weight of chlorine 
was obtained in 1917 by W. D. Turner and T. H. Liggett, working with 
the writer, but the atomic weight determinations were interrupted by the 
war, so that the success of this earliest actual separation was not demon- 
strated until after the completion of the second separation by Harkins and 
Broeker, who obtained about 10 grams of chlorine with an atomic weight 
0.055 unit higher than that of the ordinary element. 

The Whole Number Rule-—The modern whole number rule, as stated 
in 1915 by Harkins and Wilson*—who gave much evidence for its validity— 
seemed to show conclusively that chlorine as well as some other light ele- 
ments consists of different species of atoms, with different and whole- 
number atomic weights, differing in general by 2, and the actual work of 
the separation of the element was undertaken in order to demonstrate the 
validity of the rule. While the process of diffusion often serves to sepa- 
rate ordinary gases with considerable rapidity, it is a very slow and tedious 
process with isotopes on account of the slight relative differences in the 
molecular weights of the molecular isotopes. The slowness of the process 
is so great that a long period of work must elapse before a sufficient change 
of atomic weight is secured to enable its detection with certainty. The 
work on chlorine was continued for three and a half years during which the 
only evidence for the existence of isotopes in the element was that given 
by the whole-number rule. Without the suggestion of this rule it would 
have been impossible for the writer to secure the assistance of the workers 
who made the separation a fact. ; 

Chlorine Lighter than Ordinary Chlorine.—In the earliest work in this 
laboratory the chief effort was to produce chlorine heavier than ordinary 
chlorine. In the newest work, as carried out by Francis Jenkins and the 
writer, the atomic weight was decreased by the diffusion, by an amount 
equal to 0.04 unit. 

In work on the heavy fraction the hydrogen chloride was passed through 
a series of pipe stems so long that '*/s) of the gas escaped into the outer 
glass tube, while only !/29 issued in a stream from the end of the porous 
tube as the heavy fraction. This is known technically as a cut of 20. 
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The theory indicates that by a sufficiently large cut the sepa! ution may be 
made as complete as is desired in a single operation. ‘The practical diffi- 
culty arises that the quantity of the product decreases at a very high 
rate with the separation attained. Thus with a cut of 18,600 and 100% 
efficiency the increase in atomic weight should be 0.1 unit, or as large as 
the total difference attained in this laboratory by extremely arduous work. 
The necessary cut rises very rapidly as the efficiency of the process increases 
and with processes other than on a minute scale it is difficult to attain in 
general an efficiency of more than 70%. 

An increase in the cut has, on the other hand, an unfavorable effect upon 
the change of atomic weight of the light fraction. However, if the cut is 
made too small, the amount of the light fraction is too greatly reduced, 
so that as a practical working compromise a cut of 2 was adopted in this 
work. It may be noted that for a complete series of fractional diffusions 
in which both the heavy and the light fractions are utilized, a cut of 2 
seems to possess the most advantages. 

Determination of the Atomic Weight of Isotopic Chlorine-—In order to 
obtain the most accurate results for the change of atomic weight produced 
in the various diffusions, three methods have been used: 

1. Ordinary and isotopic chlorine in the form of hydrogen chloride are 
dissolved in high-grade conductivity water, and adjusted to the same den- 
sity in 25 cc. pycnometers with a single narrow neck. The temperature 
was 25.000°, and the weighings were made on a very sensitive balance. 
The solutions are then titrated with methyl orange in such a way that less 
than a drop of 0.01 normal acid or base changes the end-point. This 
method has proved to be accurate to 0.002 unit of atomic weight with ordi- 
nary care. 

2. A known weight of silver was dissolved to give silver nitrate which 
is used to precipitate the chlorine as silver chloride. This was filtered off | 
through a Monroe crucible, a platinum crucible with a filtering medium 
of platinum sponge, and all of the precautions of Richards were used. The 
silver chloride was finally fused in a quartz crucible. 

3. A piece of extremely pure silver is weighed in a quartz flask, dissolved 
in nitric acid and an excess of the isotopic hydrogen chloride is added. 
The water and nitric acid are evaporated by a stream of warm and ex- 
tremely clean dry air. The pure white silver chloride is dried, fused and 
weighed. It is then fused again in chlorine gas and weighed again. Ex- 
cept for the use of a flask in place of an evaporating dish, this method is 
similar to that of Richards and Wells. The silver chloride was weighed on 
a stable balance which gave a deflection of one half a scale division for 0.01 
mg. with afullload. For this extremely fine balance the writer is indebted 
to the Grsss Funp of the NATIONAL ACADEMY OF SCIENCES, and to Mr. 
Ainsworth for special attention to its manufacture. 
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In order ‘ » test the accuracy of this method, determinations of the 
atomic weight of ordinary chlorine (undiffused chlorine) were made by 
Francis Jenkins and S. B. Stone as follows. 





BY F. JENKINS BY 8. B. STONE 
35.458 35.456 
9 7 
5 6 
6 8 
9 
Average 35.457 9 
5 
7 
9 
8 





Average 35.457, 


The best values of Richards and Baxter average 35.457, so that the above 
results are in exact agreement with their’s to the fifth place, or to less than 


a thousandth of a unit. 
The atomic weight of the light isotopic chlorine is as follows: 
BY F. JENKINS 
Before final distillation 35.415 
35.417 
After final distillation 35.419 
35.417 
35.419 
35.419 





35.4177 
or 0.04 unit lighter than ordinary chlorine. 

This is 66% of the separation indicated by the theory, which is almost 
the same efficiency as that obtained by Harkins and Broeker with some of 
the same porous pipe stems, and considerably greater than that of Harkins 
and Hayes,‘ who used more porous tubes prepared by the Bureau of Stand- 
ards. By diffusion at very low pressure and by condensation in liquid air, 
Harkins and Mann have obtained an efficiency of 98% of that indicated by 
theory. 

Purpose of the Work.—As already stated the work on the separation of 
chlorine into isotopes was begun in 1916 when the only evidence other than 
that contained in the atomic weights, which pointed to the existence of 
isotopes among the light elements, was the positive-ray analysis of neon 
by J. J. Thomson. A letter written by Mr. Aston as late as 1919 indicates 
that even in Thomson’s laboratory the evidence was not considered at all 
conclusive. The purpose of the work in this laboratory was to supply 
additional independent evidence in the case of another element, and this 
attempt was successful. 
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The later separation of the light fraction reported here was undertaken 
by Francis Jenkins and the writer in order to obtain a sufficient separation 
to make it possible to investigate the shift in the spectrum of isotopes with 
a change of atomic weight, as discovered by Harkins and Aronberg® for 
lead. They showed a difference of 0.0048 Angstrom unit difference in the 
wave-length of the line 4057A as produced by a difference of '/259 in the 
atomic weight between ordinary lead and lead produced by the disintegra- 
tion of uranium. The relative difference in the case of chlorine is one 
part in 373, and it is probable that the magnitude of the similar effect may 
be discovered for this element. This is important since the cause of the 
effect and its variation with the atomic weight are unknown. Furthermore 
this is the only difference in the chemical nature of isotopes which has been 
discovered, so it is important to determine its origin. 


1 J. J. Thomson, Address to the Royal Institution, Jan. 17, 1913. 

? Harkins, W. D., Physic. Rev., 15, 74 (1920); Harkins, W. D. and Broeker, C. E., 
Nature, 105, 230-1 (1920); Science, N. S., 51, 289-91 (1920); Harkins and Hall, R. E., 
J. Amer. Chem. Soc., 1390, 1391, 13887 (1916). (Notice of Beginning of Separation.) 

3 Harkins, W. D. and Wilson, E. D., these ProcgEpInGs, 1, 276-82 (1915); J. 
Amer. Chem. Soc., 37, 1367-1421. (1915); Phil. Mag., 30, 723-34 (1915). 

4 Harkins, W. D., and Hayes, Anson, J. Amer. Chem. Soc., 1803-25 (1921). 

5 Harkins, W. D. and Aronberg, these PRocgEEDINGs, 3, 710-5 (1917). 


THE RADIOACTIVITY OF POTASSIUM, RUBIDIUM AND OTHER 
ELEMENTS 


By Wi..i1aM D. HARKINS AND W. G. Guy 
KENT CHEMICAL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated August 31, 1925 


Introduction—Doubt of the radioactivity of potassium and rubidium 
is often expressed even although it has been demonstrated by the investi- 
gations of Thomson,’ Campbell,? McLennan,’ Henriot‘ and others. This 
doubt is probably due to the fact that in this work the radioactivity of 
these elements was found to be so small as to make only a moderate de- 
crease in the time of fall of the gold leaf or of the shift of the electrometer 
mirror below that caused by the natural leak of the ionization chamber 
used. The principal merit of the present work lies in the fact that the ef- 
fect of the natural leak has been almost entirely eliminated by using two 
ionization chambers. A very large chamber was used to contain the 
potassium salt. Before this salt was introduced the natural leak of this 
chamber was compensated by balancing it against a smaller chamber which 
contained uranium oxide covered with aluminium foil, which was used to 
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exclude the a-radiation. With a sensitivity of 3000 scale divisions per 
volt, the natural leak was now practically zero for from 2 to 5 minutes, 
whereas the introduction of a potassium salt deflected the light at a rate 
of 300 to 350 scale divisions per minute. It was also possible to have the 
beam of light moving moderately rapidly in one direction initially, and then 
to observe that it moved rapidly in the other direction as soon as the po- 
tassium or rubidium salt was introduced. 

With this delicate apparatus a number of ordinary elements were tested 
for B-ray activity. 

Results.—The absence of B-ray activity of more than 1/3 that of po- 
tassium, or */399000 of that of uranium was proved for the salts of sodium, 
calcium, barium, strontium, carbon, chlorine (chlorides), bromine (bro- 
mides), copper, iron, lead, magnesium, manganese, nickel, silver and 
zinc; and for the elements tantalum, tungsten, lanthanum, selenium, 
arsenic, tin, gold, antimony, aluminium and mercury. 

It was found that ‘‘saturation’”’ conditions were obtained for the measure- 
ment of the current from potassium chloride when the tray carrying the 
salt was charged to a potential of 500-600 volts and the amount used was 
0.45—-0.50 gram per square centimeter of exposed surface. 

In accordance with the results of Wilson’ on homogeneous 8-rays, it 
was shown that the absorption coefficient in aluminium of the radiation 
from potassium chloride, when measured under the determined ‘“‘satura- 
tion” conditions, increased from 39.6 to 55.4 as the thickness of the foil 
used was increased from 0.0135 to 0.0405 cm. 

The absorption coefficient of the radiation from rubidium salts decreased 
from 593 to 522 as the thickness of aluminium foil traversed was increased 
from 0.0017 cm. to 0.0051 cm., indicating that the radiation is slightly 
heterogeneous. ‘The results show that the radiation from rubidium salts 
is 10-15 times weaker than that from potassium salts and that it is prob- 
ably more complex. 

In each case the absorption coefficients were calculated from the equation 


I = Ip et 


or log # = 0.4343 yt 


where Jo = initial current 
I = current after the passage through ¢ cm. of aluminium foil 
wu = absorption coefficient 


and the values obtained were, in both cases, higher than those given in the 
tables of constants.® 

The measured activity of various salts of potassium was shown to be 
directly proportional to the amount of potassium present. - 
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A comparison of the activities of rubidium and potassium showed that 
the former was the more active in the ratio 1.39:1.00. 

Source of Activity of Potassium Salts.—Experimental results showing the 
distinctly different nature of the radiations from potassium and rubidium 
prove that their activity cannot be traced to a common source such as the 
presence in their salts of small amounts of radio-active impurities. The 
failure of all attempts to separate the activity indicate that the source of 
the radioactivity is in one of the isotopes of potassium. It is possible, 
as suggested by Kossel,’ that one of the isotopes of potassium disintegrates 
slowly to give an isotope of calcium which emits the rays which are detected. 
Kossel believes that the isotope in question has the atomic weight 43, but 
it seems to us that those of weight 40 or 41 are more probable. Only the 
isotopes of weights 39 and 41 have been found in positive ray work. It 
is improbable that the 39 isotope, which has an isotopic number 1 gives a 
6-disintegration, since in such a process its isotopic number would be 
changed to —1, and it has been shown by Harkins® that no isotopes of a 
number less than zero have been found. 

The isotopic number (m) is defined as the atomic weight (P) minus 
twice the atomic number (Z), or 


n= P — 22. 


If the isotopic number is less than zero the number (JV) of negative elec- 
trons in the nucleus of the atom is less than half the number (P) of positive 
electrons, and in all known complex nuclei the number of negative elec- 
trons is either 1/2 or more, but never less. The 8-disintegration of any 
isotope of potassium gives an isobaric isotope of calcium. If potassium 
of atomic weight 41 and isotopic number 3 gives off a B-particle it changes 
to calcium of weight 41 and number 1, which is a possible change. If 
potassium of weight 40 is present, this would disintegrate to give calcium 
of weight 40 and number zero, the most abundant isotope of calcium. 
It is impossible at present to decide which of these isotopes is responsible 
for the radioactivity. 

1 J. J. Thomson, Phil. Mag., 10, 1905 (584). 

2 Campbell, Proc. Camb. Phil. Soc., 14, 1906. 

3 McLennan, Phil. Mag., 16, 377 (1908). 

4 Henriot, Ann. Chim., VIII,.25, 1912; 26, 1913. 

5 Wilson, Proc. Roy. Soc., A84, 1910. 

6 Tables, J. Amer. Chem. Soc., 45, 872 (1925). 

7 Kossel, Physik. Z, 20, 1919. 

8 Harkins, Phil. Mag., 42, 305-339 (1921); J. Amer. Chem. Soc., 42, 1956-1997 
(1920); 43, 1038-60 (1921); Physic. Rev., 19, 135-156 (1922). 
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THE ORIENTED WEDGE THEORY OF EMULSIONS 


By WILLIAM D. HARKINS AND NORVIL BEEMAN 
Kent CHEMICAL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated September 15, 1925 


Introduction.—Dilute emulsions in which two, and possibly even four, 
per cent of oil is emulsified in water may be formed without the addition 
of an emulsifying agent, of which a soap may be cited as a typical example. 
If a soap is added the amount of oil may be increased to ninety-nine times 
the volume of the water. According to the orientation theory the mol- 
ecules of soap orient themselves in the interface between oil and water with 
the hydrocarbon radicle toward the oil, and the —COO~- Nat toward the 
water. ‘Thus the oil-like or non-polar end turns toward the oil, and the 
polar end toward the polar liquid. The oriented wedge theory of emul- 
sions indicates that if the non-polar end of the molecule of the emulsifying 
agent is the smaller, the emulsion will be one of oil in water—or of the 
ordinary type—while if the polar end is the smaller, the droplets will be 
of water. 

The theory of molecular orientation in surfaces is thus of prime impor- 
tance in connection with a theory of emulsions. The orientation theory 
was suggested by Hardy,’ but his suggestion was in general unnoticed. 
The theory was developed and different types of evidence for it presented 
by Harkins and his associates* and by Langmuir.* Hardy’s suggestion 
was given in the following words: 

If the stray field of a molecule, that is, of a complex of these atomic systems, be un- 
symmetrical, the surface layer of fluids and solids, which are closely packed states of 
matter, must differ from the interior mass in the orientation of the axes of the fields with 
respect surface of a pure substance having all the molecules oriented in the same way 
instead of purely in random ways. 

Langmuir describes the effect of a base upon a monomolecular film of 
oleic acid on the surface of water. 

Tf a film of closely packed oleic molecules covers the surface to which sodium hydrox- 
ide has been added, OH groups are adsorbed by the COOH radicals, causing an expan- 
sion of the lower side of the film without a corresponding expansion of the upper side. 
This results in the bulging of the film downwards in spots so that it finally detaches itself 
in the form of particles, the outer surfaces of which consist of COOH groups together 
with adsorbed OH, while the interior consists of the long hydrocarbon chains. 

The size of the colloidal particles is determined by the difference in size between the 
two ends of the molecules, just as the size of the arch is dependent upon the relative 
sizes of the two ends of the stones of which the arch is constructed. 

The idea that the shape of the molecules in the film determines whether 
the emulsion shall be one of oil in water or of water in oil was advanced by 
Harkins, Davies and Clark. 


1. The molecules in the surfaces of liquids seem to be oriented, and in such a way 
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that the least active or least polar groups are oriented toward the vapor phase. The 
general law for surfaces seems to be as follows: If we suppose the structure of the surface 
of a liquid to be at first the same as that of the interior of the liquid, then the actual surface 
is always formed by the orientation of the least active portion of the molecule toward the 
vapor phase, AND AT ANY SURFACE OR INTERFACE THE CHANGE WHICH OCCURS IS SUCH 
AS TO MAKE THE TRANSITION TO THE ADJACENT PHASE LESS ABRUPT. ‘This last statement 
expresses a general law, of which the adsorption law is only a special case. If the mol- 
ecules are monatomic and symmetrical, then the orientation will consist in a displace- 
ment of the electromagnetic fields of the atom. This molecular orientation sets up what 
is commonly called a ‘‘double electrical layer” at the surfaces of liquids and also of solids. 

This law if applied to special cases indicates for a few pure liquids the following orienta- 
tion: In water the hydrogen atoms turn toward the vapor phase and the oxygen atoms 
toward the liquid. With organic paraffin derivatives the CH; groups turn outward, 
and the more active groups, such as NOx, CN, COOH, COOM, COOR, NH, NHCH;, 
NCS, COR, CHO, I, OH, or groups which contain N, S, O, I, or double bonds, turn 
toward the interior of the liquid. 

If any of these organic compounds are dissolved in water, their orientation in ‘the 
water surface is the same as that just given, with the active groups inward. 

At interfaces between two pure liquids the molecules turn so that their like parts 
come together in conformity with the general law. With solutions, the solute mol- 
ecules orient so that the ends of the molecules toward the liquid A are as much like A 
as possible and the ends toward B are as much like B as possible. So at interfaces 
between organic liquids and water, for example, the organic radical sets toward the or- 
ganic liquid and the polar group toward the water. 

2. If at an interface the transition from a liquid A to the liquid B is made by a satu- 
rated film of solute molecules which we may call A-B, that is, they have one end like A 
and the other like B, then the free surface energy is greatly reduced. For example, 
with water and benzene with sodium oleate as the solute, the free energy falls as lew as 
2 ergs per cm.? 

3. If the solvent is polar, such as water, then solutes will in general be positively 
adsorbed in the surface if they are less polar than water, and the least polar end of the 
molecule will be turned outward. Solutes more polar than water are negatively ad- 
sorbed. 

When Newman, working with Bancroft in 1914, found that while sodium oleate in 
solution will give emulsions of benzene in water, and the oleate salts of a metal with a 
valence higher than one will give emulsions of water in benzene, we were working ex- 
perimentally in this laboratory on the adsorption of these long hydrocarbon chains. 
Now while Bancroft seemed to think that this work indicated that the liquid with the 
higher surface tension forms the inner phase, it seemed to us that the only apparent re- 
lation was that to the number of oleate radicals in the molecule of the protective colloid 
(sodium oleate, or magnesium oleate). Therefore, it quite possibly may be the orienta- 
tion and the form of the molecules together with adsorbed ions in the interface between 
the dispersoid particles (or small drops), and the dispersion medium which determine 
the surface energy relations, and therefore the size of the drop at which it becomes stable. 
In other words, this idea is that the drop would be stable whenever the molecules, to- 
gether with adsorbed ions, etc., in the interface, fit the curvature of the drop. The mol- 
ecules in the curved surface would not need to be all of the same kind. If the molecules 
do not fit in the curved surface, the drop will not be perfectly stable and will either de- 
crease or increase in size if given time. 


This ‘oriented wedge theory” of emulsions was, seemingly, given strong 
‘ support by the experimental results of Finkle, Draper and Hildebrand,‘ 








- WT a we 2 we 


iain 








VoL. 11, 1925 CHEMISTRY: HARKINS AND BEEMAN 633 


who determined the distribution of the number of drops according to their 
diameters in solutions of sodium, potassium and caesium palmitate, which 
were used as emulsifying agents. Thus they kept the negative ion con- 
stant, but varied the positive ion and the latter is, presumably, turned 
toward the outside of the drop, that is, toward the aqueous phase. Now it 
is known that the atoms, sodium, potassium and caesium, increase in di- 
ameter in the order given, so if the atoms are effective in the sense of the 
wedge theory, the outer part of the wedge increases in size in the same 
order and this would increase the curvature in just this order. Thus the 
droplets of oil should decrease in diameter as the emulsifying agent is 
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DIAMETER OF DROPS IN MICRONS 


changed from sodium to potassium, and to caesium oleate, and this is 
just what was found in the experiments of Finkle, Draper and Hildebrand. 
Preliminary results obtained by Harkins and Keith’ also seemed to agree 
entirely with theirs, but later, upon the more careful elimination of all 
factors which might cause some type of segregation and the use of a more 
suitable optical system, the results presented below were obtained. 

It is found that the distribution curve is the same, within the limits of 
error, of the work for sodium, potassium or caesium soaps used as emulsi- 
fying agents. Figure 1 illustrates this in a case in which a heavy paraffin 
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oil was emulsified by oleate (01) soaps. Each curve repre.ents the mea- 
surement of about 800 drops. 

While the greatest number of drops have diameters of about 1.5 microns, 
so that the peak in the number curve is independent bc’ of the positive 
alkali ion of the soap and also of the oil, there are many more large drops 
if a viscous oil like stanolax is used than are found with a very fluid oil 
like octane. Figure 2 shows the number, area and volume distributions for 
emulsions of octane and of stanolax, respectively. In order to obtain 
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DIAMETER OF DROPS IN MICRONS 


smooth curves about ten thousand drops were measured with each oil. 
It is apparent that while the peak in the number distribution curve falls 
at 1.5 microns with either oil, that for the area and volume distributions lies 
in each case in a larger size and is also lower for the more viscous oil. 
The use of magnesium or aluminium oleates, that is, of oleates of bi- 
or trivalent metals gave water in oil elmusions, as is well known. What is 
of interest is that the number distribution curve was practically the same 
as that found for the oil in water emulsions, and the curves of figure 1 serve 
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well to represént’the results in such a case. The same result was obtained 
when an oil in water emulsion produced by the use of a soap of a univalent 
metal is inverted to the type water in oil by the addition of a salt of a bi- 
or trivalent médi. 
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DIAMETER OF DROPS IN MICRONS 


A water in oil emulsion was produced by dissolving a large amount of 
soap in the oil and beating this up with water. This inverted to the 
ordinary oil in water type.on the addition of more water. 

The method of mixing has an effect upon the distribution. Thus when 


oii 
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emulsions produced by a high speed drink mixer were compared with those 
made by a motor driven egg beater, it was found that while the curves had 
the same form for the smaller sizes the size of the largest drop found was 
much less for the former than with the latter. In general, the number of 
large drops decreases with the time of stirring, rapidly at first and more 
slowly later. : 

A new method of determining the stability of an emulsion was tried. 
This consisted of determining the distribution curve on different days, 
that is, the change of distribution with time. As an example of the re- 
sults it was found that in the case of an emulsion produced by tenth molal 
soap that months of standing did not change the curve. On the other 
hand the curve changed rapidly if the soap was one two-hundredth molal, 
as is exhibited by figure 3, which gives the curves for the first, third and 
seventh days. 

Discussion.—These results give no proof for nor against the oriented 
wedge theory, they only indicate that some of the evidence which has 
seemed to support it is not valid. Soaps aré salts and according to recent 
theories salts are completely ionized in aqueous solutions. If this is true 
it is hardly to be expected that the shape of the molecule should have an 
effect upon the shape of the drop unless almost all of the metal ions are 
held by the electrostatic forces close to the respective negative ions in the 
film. 

Furthermore the diameter of the greatest number of drops is 1.5 microns, 
or 15,000 Angstrom units. A sodium oleate molecule is probably about 
30A long, so the radius of the drop is 250 times greater than the thickness 
of a monomolecular film of soap. 

It would be remarkable if such a molecule should uniquely determine 
the size of so large a drop. 

What is needed to test the theory is to use emulsifying agents with mol- 
ecules in which the polar end is larger and also those whose non-polar end 
is larger. With bi- or trivalent metals, even although the salt may be 
considered as ionized, the number of negative ions attached electrostat- 
ically somewhat closely to the metal is on the average considerably higher 
than if the metal is univalent. Thus this has an effect which corresponds 
to an increase in the non-polar or oil-like end of the molecule, which is in 
the direction indicated by the theory for a change to the water in oil 
type of emulsion, as is found experimentally. This is the evidence for 
the theory cited by Harkins, Davies and Clark. 

The effect was tested of potassium chaulmoograte, in which the negative 
ion has a slightly different shape from the oleate, palmitate and stearate 
ions used earlier in this work. This emulsifying agent gave many more 
small drops than any of the others used. 

1 Hardy, Proc. Roy. Soc., 86A, 634 (1912); 88A, 303-333 (1913). 
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? Harkins, Brown and Davies, J. Amer. Chem.» Soc., 39, 354-64 (1917); Harkins, 
Davies and Clark, Ibid. 541-96, and later papers. 

3 Langmuir, Chem. Met. Eng., 15; 468 (1916); J. Amer. Chem. Soc., 39, 1848 (1917). 

‘ Finkle, Draper and Hildebrand, J. Amer. Chem. Soc., 45, 2780 (1923). 

5 Harkins and Keith, Science, 59, 463-7 (1924). 


POLYMOLECULAR AND MONOMOLECULAR FILMS 


By Wiii1am D. Harkins And J. W. MorGan 
KENT CHEMICAL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated September 15, 1925 


The work of Harkins and Feldman’ indicates that pure liquids may 
spread upon water to give films which are thicker than one molecule, and 
the writers have been able to find these films with such characteristics that 
accurate measurements may, and have been made of the variation of the 
force of compression with a change in area. Lord Rayleigh,? Devaux,® 
Marcelin,*‘ Langmuir,’ Harkins and King,* Adam,’ Harkins and Grafton® 
and Harkins and McLaughlin® have made measurements upon mono- 
molecular films. . 

Monomolecular Films.—The thickness of monomolecular films has not 
been measured, but a “‘mean’’ thickness has been calculated from the mo- 
lecular area. The water film on an aqueous salt solution is thus found to 
be 4 X 10-8 cm. (4A) thick for a tenth molal, and 2.4A for a 5 molal con- 
centration. Langmuir has found that a film of palmitic acid is 25, and of 
myricyl alcohol, 41A thick. ‘The molecules of this alcohol are very long, 
and contain a chain of 30 carbon atoms. 

Phenanthrol (Fig. 1), with a polar hydroxyl group in each molecule 
when spread on an aqueous solution of calcium chloride, exhibits the char- 
acteristics of a monomolecular film. This substance and phenyl di- 
biphenyl methyl amine form films which are thinner than any others which 
have been measured directly. Both of these films were spread on a con- 
centrated aqueous solution of calcium chloride. As the phenanthrol film 
is compressed, no force of compression is apparent until the area per mole- 
cule is decreased to 36.5 X 10—1!® sq. cm. (36.5 A.U.). On further com- 
pression the increase of compressive force is linear to the molecular area up 
to 32 dynes per cm. and 21.5 A.U. molecular area. From this on the in- 
crease is again linear, but with a much steeper slope; that is, the film has 
become stronger. When the force reaches 44 dynes per cm. the film col- 
lapses and the force rises only very slightly higher as the film is still further 
compressed. The mean thickness of the film is 7A at the point where the 
force first becomes apparent and 12A at collapse. The next row in the 
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same figures exhibits the relations for stearic acid on water, and on salt 
solutions. In either case the lower branch of the curve may be present 
or absent (Fig. 2). In the latter case only one straight line represents 
the compression up to the point of collapse, and the area at zero force is 
19.3 A.U. , 
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Polymolecular Films.—Phenanthrene spread on an aqueous calcium 
chloride solution gives a typical polymolecular film. Though this sub- 
stance has a large molecule (14 carbon atoms and 10 hydrogen atoms), 
the zero area is very small: only 5.6 A.U., with a thickness of 47A which 











It 
it 


1S 











VoL. 11, 1925 CHEMISTRY: HARKINS AND MORGAN 639 


is entirely too thick for the film to be monomolecular, since the molecule 
has a ring structure and is only about 12A long. ‘The film collapses when 
the force of compression is still low; 17.5 dynes per cm. with a mean thick- 
ness of 132 A.U. The line of compression is not linear, and the slope of 
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the curve shows that the film is extremely weak. It should be mentioned 
that the value of the compressive force at collapse depends somewhat upon 
the rapidity of compression. 

Other films which are certainly polymolecular in thickness are those 
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formed by 9-10 dibromoanthracene (Fig. 3), triphenyl methyl cyanige, 
di-8-naphthylamine, a-brom-naphthalene and hexachloro-benzene. The 
compression of triphenyl methyl cyanide is represented by a straight line, 
that of the dibromo anthracene by a curve and astraight line. If it were 
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not for the fact that the mean thickness of the film of triphenyl methyl 
cyanide is too great, its line of compression might be mistaken for that of a 
monomolecular film. Some of the characteristics of a few of the films meas- 
ured are given in table 1. The substances are arranged in order of increas- 
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ing mean thickness at collapse, so that the monomolecular films are given 
at the top, and the polymolecular at the bottom of the table. 


TABLE 1 
Fiims ARRANGED IN ORDER OF INCREASING THICKNESS AT COLLAPSE 
(Monomolecular Films above and Polymolecular below: Dimensions in Angstrom 
units. CaCl represents an aqueous solution of the salt.) 


SUBSTANCE OF FILM AT. ZERO FORCE AT COLLAPSE 
On AREA THICKNESS AREA THICKNESS 

Phenyl dibiphenyl methyl amine CaCi, 112 6 80 8.4 
Phenanthrol CaCl, 36.5 7 21.3 12 
Stearic acid H.,0 19.3 28.5 18.4 30 
Symmetrical di-8-triphenyl ethyl | CaCl 77:5 12.2 68 14 
urea (polymolecular on water) H,0 28.3 33.4 22.6 42 

POLYMOLECULAR FILMS 

9, 10-Dibromo anthracene CaCl, 5.9 47 2.5 111 
Triphenyl methyl-cyanide CaCl, 5.2 70 5 120 
Phenanthrene CaCl, 5.6 47 2 132 
Di-8-naphthylamine HO 2.7 125.6 2.15 158 
Hexachlorobenzene CaCl, 5.2 45 0.95 248 
a-Bromonaphthalene CaCl, 1.5 187 0.6 405 


It may be noted that the urea listed in the table occupies about three 
times the molecular area on the calcium chloride solution that it does on 
water; so the film is very much thinner on the salt solution. This il- 
lustrates a phenomenon which is quite general. Thus phenanthrene will 
not spread at all on water, but will on a concentrated calcium chloride 
solution, to form a polymolecular film. Harkins and Feldman! have shown 
that the spreading or nonspreading of a substance depends upon the 
value of the spreading coefficient S in the expression 


S = Fy—(F, + Fas) = Ta—(T, + Tap). 


In this case F, represents the free surface energy and 7, the numerically 
equal surface tension of the water or the salt solution. The subscript 5 
refers to the substance which may spread and ab refers to the interface 
between the two. By a change from water to the calcium chloride solu- 
tion, T and F are increased from 72.8 to more than 100 dynes per cm., which 
increases the value of S unless the free interfacial energy (F,,) increases 
by this much or more, which is not usually the case since F,, is relatively 
small and a large relative increase may occur without such a large numeri- 
cal increase. The solution of a large amount of a salt in the water causes 
many substances to spread which have negative values of S on water and 
therefore will not spread on water alone. 

It may be noted (Table 1) that all of the polymolecular films are very 
thin, even at collapse. Thus the thickest of all is only about one-tenth of 
the shortest wave-length of visible light. The film of dibromoanthracene 
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is visible in a strong light almost parallel with the surface, which suggests 
that the film is crystalline and that many points rise far above the general 
level. This is also true of di-8-naphthylamine on water and of anthra- 
cene on the calcium chloride solution. In some cases the film seems to 
consist of transparent flakes, which may be photographed. 

Strength of Films.—Young’s modulus for steel is about 12,000. For a 
monomolecular film, stearic acid on water, it is 39 and ona calcium chloride 
solution less than this. A polymolecular is in general much weaker than 
a monomolecular film. Thus the value for dibromoanthracene is less 
than 2. 

Films of Mixed Substances.—lf{ two substances, each of which forms a 
monomolecular film, are mixed, the mixture forms a monomolecular film. 
The behavior of two such “mixed”’ films of stearic acid with either cetyl 
alcohol or myricyl alcohol, is illustrated at the bottom of figure 3. 

Mixtures of stearic acid and phenanthrene give polymolecular films. 
Thus with 1 molecule of phenanthrene to 2.58 of stearic acid the area per 
molecule of the latter is practically the same as when it is alone. With 
3.7 parts of the former to 1 of the latter the zero area per molecule of acid 
is increased only very slightly, from 19.3 to 21.7. The curves at the 
bottom of figure 3 (left side) are arranged in order of increasing percentage 
of phenanthrene and the area plotted is that per molecule of stearic acid. 
With 6.4 molecules of phenanthrene the extrapolated zero area is increased 
only to 23, and with 16.4 to 1 to27. It is thus evident that when the rela- 
tion between force of compression and area is linear, as it is over a consider- 
able range, almost all of the phenanthrene is piled up over the stearic 
acid, which forms a monomolecular layer underneath it. 

Strenth of Mixed Films.—The film which consists of 1 molecule of phen- 
anthrene to 2.58 of stearic acid is as strong or stronger than a film of 
the acid alone, but the strength decreases if much more phenanthrene is 
present, as shown below. 


TABLE 2 
STRENGTH OF MIXED FILMS 
PHENANTHRENE STEARIC ACID YOUNG’S MODULUS 

0 Pure 35.83 

1 2.58 37.5 

3.7 1 6.7 

6.4 1 2.64 
16.4 1 0.9 cloudy film 
Pure 0 1.45 at collapse 


0.04 at zero 


All of these mixtures exhibit a curved lower portion, but with 16.4 
molecules of phenanthrene to one of stearic acid there is no apparent force 
required to compress the film until the area per molecule of the latter has 
been decreased to 34 A.U., or the area per molecule in the film has de- 
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creased to 1.95 A.U. Thus this film has attained a mean thickness of 
about 135A before the force needed to compress it becomes apparent. 
At collapse this film is about 240A thick, which is much thicker than with 
phenanthrene alone. It is evident that the collapse of such a film occurs 
only when the stearic acid is torn away from the water, since the area per 
molecule of stearic acid at collapse in these mixed films is almost the same 
as with the acid alone. The addition of phenanthrene, which contains no 
polar group, changes considerably the actual zero area, has a smaller effect 
upon the extrapolated (from the straight line) zero area and almost no 
effect upon the area of collapse. 

1 Harkins and Feldman, J. Amer. Chem. Soc., 43, 1921 (2665). 

* Rayleigh, Phil. Mag,, 48, 1899 (331). 

5’ Devaux, Papers 1903-13 reviewed in Ann. Report Smithsonian Inst., 1913, pp. 
261-73. 

4 Marcelin, Ann. Physique, 1914 (19). 

5 Langmuir, J. Amer. Chem. Soc., 39, 1917 (1848). 

6 Harkins and King, Ibid., 41, 1919 (970). 

7 Adam, N. K., Proc. Roy. Soc., A101, 1921 (452), and later papers. 

8 Harkins and Grafton, J. Am. Chem. Soc., 44. 

9 Harkins and McLaughlin, Jbid., 44. 


THE ISOTOPIC COMPOSITION OF THE ELEMENT CHLORINE 
IN THE METEORITES: THE ATOMIC WEIGHT OF METEORIC 
AND TERRESTRIAL CHLORINE 


By WILLIAM D. HARKINS AND S. B. STONE 
Kent CHEMICAL LABORATORY, UNIVERSITY OF CHICAGO 


Communicated August 31, 1925 


Introduction.—The element chlorine consists of two isotopes of atomic 
weights 35 and 37. If it is assumed that these whole numbers are exact, 
it is possible to calculate the isotopic composition of ordinary chlorine from 
its atomic weight which is 35.457. This indicates that the element con- 
sists of 77.15% of the lighter and 22.85% of the heavier isotope. A de- 
termination of the atomic weight of the chlorine obtained from a meteorite 
indicates that it has exactly the same atomic weight and therefore the same 
composition as the ordinary chlorine found on earth. It is found, too, 
that this element is the same in rocks of non-marine origin, such as Wer- 
nerite, apatite and sodalite. 

The above results have a bearing upon the history of the earth and the 
meteorites and upon the stability of the atoms of the two isotopes, It 
is now commonly assumed that meteorites are fragments from small 
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planets or planitesimals, and that all of the planets have been formed 
from material originally in the sun. If this is true it seems probable that 
the chlorine of the special meteorite used could not have been mixed with 
that on earth since the time when the material in both was present in the 
sun, presumably many billions of years ago. A thorough mixing after 
the ejection of the material from the sun seems improbable. The sun is 
such a large body that either the material was never mixed thoroughly 
or else the mixing took an enormous time. From this point of view the 
constancy in the composition of this element is extremely remarkable. 
The same constancy has been found for nickel by Baxter, although with 
this metal the composition cannot be determined so accurately on account 
of larger errors in the methods for the determination of its atomic weight. 

A further point of interest in the case of chlorine is that it, in general, ex- 
ists in a very much more volatile form than nickel. Nowit, is known that 
isotopes may be separated by vaporization at low pressures. 

The identity in composition of meteoric and terrestrial composite ele- 
ments has now been demonstrated from two elements, so it seems that it 
is not accidental. Such reasoning indicates that billions of years ago these 
elements, and presumably others, had the same isotopic composition they 
have at present, or else if the composition was not the same as at present, 
it has changed at the same rate in the different locations. There is not 
enough information at present to solve the problem completely, but addi- 
tional facts and relations which bear upon it may be found in the papers 
of Harkins, who has mapped the atomic species in such a way as to exhibit 
a considerable number of relations concerning atomic stability. On the 
plots the position of the lighter isotope of chlorine is such as to indicate 
that it lies in a position of greater stability than the heavier isotope. 

In considering the constancy of composition of chlorine it should not be 
forgotten that the light element potassium of an atomic number only two 
higher (19 instead of 17) is markedly radioactive. Especially striking 
evidence for this has been obtained recently by Harkins and Guy. By 
their method a beam of light from the mirror of an electrometer is moved 
in one direction by the current. When a salt of potassium is put in the 
ionization chamber, the direction of movement of the beam of light is 
changed and it moves rapidly in the opposite direction. This suggests 
that chlorine may also be radioactive. A test in their apparatus shows that 
the B-ray activity of chlorine, while it may exist, is at least 300 times 
smaller than that of potassium and 300,000 times smaller than that of 
uranium. 

Results and Accuracy of the Work.—The high degree of accuracy at- 
tained in the determination of the atomic weights may best be judged 
from the results obtained. The method consisted in determining the 
amount of silver chloride given by a known weight of extremely pure silver. 
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The following table gives the weight per gram of silver for all of the deter- 
minations made before June first and represents one-third of the total 
number of determinations made. The inclusion of the later results would 











TABLE 1 
WEIGHT OF SILVER CHLORIDE PER GRAM OF SILVER 
ORDINARY CHLORINE CHLORINE FROM CHLORINE FROM 
F. JENKINS WERNERITE METEORITE 
1.32868 1.32866 1.32866 
1.32869 1.32867 1.32868 
1.32865 1.32869 
1.32866 1.32866; 1.32869 
1.32865 
Ss. B. STONE 
1.32869 1.32867, 
1.32868 
1.328675 


not change the average. It is evident that the variation is extremely small, 
the maximum being 0.003%. For ordinary chlorine the value of the 
atomic weight calculated from these results is 35.4575, for meteoric chlorine 
35.4571. The mean value for all of the terrestrial chlorine is 35.457s. 

Method.—The method used was a modification of what was considered 
by the writers the most accurate method used for atomic weight deter- 
minations—one of those used by Richards and his associates. This was 
modified to suit the conditions of the present work. Chlorine is a rare 
element in meteorites, and the amount of material was therefore smaller 
than is used in work on the ordinary element. In our determinations with 
ordinary chlorine the same amounts were used as with the meteoric ele- 
ment, in order to test the method used with the latter. The amount of 
silver chloride weighed in each determination varied from about 1.5 to 
4 grams. ‘To compensate for the smaller amount of material, a specially 
delicate balance was secured by the use of a grant from the Grsps Funp 
of the NATIONAL ACADEMY OF SCIENCES. The work itself was supported 
by a grant from the J. LAWRENCE SMITH Funp. ‘The balance gave a de- 
flection of half a scale division for a hundredth of a milligram with a 
full load. 

All of the silver and silver chloride in any one determination was weighed 
in a single quartz flask against a tare consisting of a similar flask. The 
conversion of the silver to silver chloride took place entirely in this flask 
under conditions such that it would have been difficult to lose any of the 
essential material. A full description of the method will be given in a later 
paper in the Journal of the American Chemical Society. 

The writers are indebted to Dr. G. P. Merrill and the National Museum 
for the rare meteoric material used. 
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THE EFFECT OF X-RAYS ON THE PLATINUM CATALYST IN 
THE CONTACT SULFURIC ACID REACTION 


By GEorGE L. CLARK, P. C. MCGRATH AND M. C. JOHNSON 
DEPARTMENT OF CHEMICAL ENGINEERING, MASSACHUSETTS INSTITUTE OF TECHNOLOGY 


Communicated August 28, 1925 


The work of Schwartz and Klingenfuss! seems to show that if platinized 
asbestos used as a catalyst in the contact sulfuric reaction is exposed to 
X-radiation under the proper conditions, an increase in activity results. 
On account of the theoretical and practical importance of this effect 
and of the possibility of errors in the experimental work of these writers, 
a careful reinvestigation is warranted. 

In the method of Schwartz and Klingenfuss, air and sulfur dioxide were 
conducted through the converter separately. It is obvious that the com- 
position of the gases would be changing during the entire run and hence the 
reaction rate would be constantly changing. The conversions obtained 
could be duplicated only by taking great care to allow the gases to flow for 
exactly the same length of time for each run and to maintain the tempera- 


FIGURE Noa! 


CONVERTER SYSTEM 




















ture constantly at 260°C. which was adopted for the experiments. Fur- 
thermore the method of analysis, consisting in absorption of both sulfur 
dioxide and trioxide in dilute potassium hydroxide solution, part of which 
was back-titrated for total acidity and part analyzed for sulfur dioxide 
with iodine and sodium thiosulfate, was found in the present work to be 
far from dependable on account of the failure of the solution to absorb 
completely the sulfur trioxide mist and of actual oxidation of the residual 
dioxide in the presence of trioxide and moisture after the catalyst was 
passed. 

Experimental.—In the attempt to correct such possible defects as those 
just outlined and to investigate much more quantitatively the effects 
of both X-rays and moisture, the apparatus shown in figures 1 and 2 
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was designed and constructed as the final and satisfactory outcome of a 
large number of trials of various controlling, absorbing and analyzing meth- 
ods. Figure 1, which is self-explanatory, shows the converter system as 
it was connected during the runs in which dry gases were used; when 
moist air was used the drying agents in the train were removed. The 
flow of gas was maintained constant by suction on the absorption end of 
the system assisted by capillary tubing and large bottles as pressure 
equalizers. In all cases the sulfur dioxide and air stopcocks were regu- 
lated so that the manometers on the control board read, respectively, 
2 and 1.5 cm., corresponding to 16 cc. of sulfur dioxide and 210 ce. of air 


TO CONVERTER 


FIGURE No.2 
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per minute. The gases were passed over the catalyst thoroughly mixed 
instead of separately as in the experiments of Schwartz and Klingenfuss. 


The Converter.—The converter was a pyrex glass tube of 20 mm. bore and 75 cm. 
length. At 2 points on the tube 30 cm. apart were side tubes, into each of which was 
fitted a thermometer through an asbestos stopper so that the bulbs were in the axis 
of the converter tube. The first thermometer registered the temperature of the gases 
in the preheating zone. Platinized asbestos was placed in the tube, loosely packed, for 
a distance of about 12 cm. so that the second thermometer registered the temperature 
at the point of conversion. The converter tube was first wrapped with asbestos paper, 
then with No. 26 Chromel A resistance wire (spacing 3 mm.) extending the entire length 
of the converter. This was covered with another layer of asbestos paper and a second 
coil extending only over the part of the converter containing the catalyst. Finally the en- 


tire converter was wrapped with another layer of asbestos paper and magnesia lagging. 
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At the catalyst the glass tube was blown thin and the lagging was removable so that dur- 
ing irradiation there would be minimum absorption of the X-rays by the converter walls. 
Wires extending from the ends of the heating coils were connected to 2 potentiometer 
resistance coils which had a resistance of 50 ohms with 3 amperes. The source of power 
was 115 volts d. c. The object of the second coil was to enable heating the catalyst 
to a temperature higher than that of the preheating zone. By trial an adjustment was 
found on each coil whereby the temperatures, 275°C. for the preheating and 300°C. 
for the catalyst zone, could be kept constant. 

The Catalyst—The 8% platinized asbestos catalyst was prepared by 2 methods: 
(1) by impregnation of purified long-fiber asbestos with chlorplatinic acid and subse- 
quent reduction in the converter under operating conditions; (2) by deposition of plati- 
num directly upon the fibers in a solution of chlorplatinic acid by means of sodium 
formate in the presence of sodium carbonate according to the directions of the British 
Board of Munitions. The amount of the catalyst used in the converter was 9.5 grams. 

Irradiation of the Catalyst with X-Rays.—When the catalyst was to be X-rayed the 
converter tube was placed 25 cm. from the target of a Coolidge tungsten-target tube and 
the general, plus the characteristic, tungsten radiation allowed to fall upon the catalyst. 
When moist air was used, the temperature was raised to the operating point of 300° 
by means of the heating coils and compressed air, after passage through a tube filled with 
glass wool, was conducted through the catalyst chamber. In all cases the X-ray tube 
was operated at 100,000 volts and 3 milliamperes. The time of raying was 3 hours. 
At the end of this time the converter was set in its position in the apparatus train, the 
temperatures adjusted and the run made in the usual manner. 

The Absorption System.—After unsuccessful trials with the Schwartz and Klingen- 
fuss method of absorbing both sulfur dioxide and trioxide in dilute alkali solutions, with 
various modifications such as the use of alundum thimbles (in which oxidation of the 
residual dioxide readily occurred), and with filter papers between funnels to remove 
trioxide mist, the system shown in figure 2 was devised and found entirely satisfactory. 
It includes a humidifier for mixing moist air with the converter gases and precipitating 
trioxide mist, 2 Gooch funnels with asbestos mats in series for the removal of the mist, 
and 2 absorption bottles for residual dioxide, the second with an alundum thimble for 
removing the last traces, containing standard dilute sodium hydroxide or iodine solu- 
tions. For determining trioxide the Gooch funnels were placed in water and the re- 
sulting acid solution titrated with standard alkali solution. For the dioxide the alkaline 
solutions from the absorption bottles were titrated with standard acid or the iodine solu- 
tions with standard thiosulfate. This method of analysis was subjected to repeated 
blank runs in which the gaseous mixtures were passed over the catalyst at room tem- 
perature or at 300° and in other cases in the absence of any catalyst. 


Discussion of Dry Runs.—The great effect of the presence of moisture 
in increasing conversion of sulfur dioxide to trioxide is well known.? In 
order to insure the dryness of the apparatus it was run for a period of about 
2 weeks and determinations made daily for the purpose of following the 
decreasing conversions. When the values of the conversion became con- 
stant at about 3.25% the apparatus was assumed to be dry. The effect 
of X-rays was apparently negligible, since any changes in conversion, after 
irradiation of the catalyst, were well within the variations around 3.25% 
in successive runs, with the unrayed dry catalyst. 

Discussion of Runs with Moist Air.—In the moist runs tabulated in table 
1 atmospheric air was used and all the drying devices were removed from 
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the system. Hence the air used was at the temperature and humidity of 
the room. ‘The moisture content of the air was determined by means of a 
sling psychrometer which had mounted on it a wet and a dry bulb ther- 
mometer. The average ratio of H2O to dry air was 0.0130. 

Runs 40 to 43 show the conversion when the unrayed catalyst was used 
with moist air. The apparatus was allowed to run for 24 hours before any 
runs were made. ‘This was done to insure that equilibrium conditions were 
established with regard to moisture. Although this relatively high mois- 
ture content prevailed throughout the system, there was no appearance of 
mist until the moist air was bled in from the humidifier. 

Runs 40 to 55 show the change in conversion after raying. A rise of 
about 6% takes place in the conversion (from 88 to 94%) and then a 
sudden drop takes place which brings the conversion below its initial value. 
This is followed by a recovery to the unrayed value and subsequent slow 
decrease to a constant conversion of 84.3%. 


TABLE 1 
Moist Runs 
MILLI- MILLI- TOTAL TIME 
MOL MOL MILLI- PER CENT AFTER RATIO 


RUN TEMP. 802 SOs MOLS CONVERSION RAYING (H:0/DRY AIR) 
40 299.0 7.00 14.33 16.33 87.80 Unrayed 0.0130 
41 300.4 1.84 15.40 17.24 89.24 Unrayed .0140 
42 300.9 2.15 17.19 19.34 88.75 Unrayed .0130 
43 298.4 2.738 19.42 22.15 87.9 Unrayed .0130 


CaTALyst X-RAYED FoR 3 Hrs. 


44 302.1 1.31 19.60 20.91 93.7 1.25hrs. .0120 
45 302.0 1.52 18.15 19.67 93.5 2.00 .0120 
46 304.6 1.15 17.30 18.45 93.7 4.83 .0140 
47 301.4 2.88 17.88 20.76 87.1 5.29 ° .0140 
48 301 2.88 15.60 18.48 84.5 6.65 .0140 
49 299.4 2.98 18.95 21.738 87.3 S57: .0129 
50 301.1 2.84 17.90 20.74 86.5 9.32 .0129 
54 301.4 2.24 12.30 14.54 84.3 13.40 .0129 
Constant thereafter 
CataLyst X-RAYED For 3 Hrs. 
56 302.4 2.54 16.92 19.46 87.0 1.31 .0129 
57 304.0 2.51 16.60 19.11 87.0 1.89 .0129 
59 304.9 2.71 17.64 20.35 86.6 3.67 .0129 
60 299 2.92 16.75 19.67 85.5 5.33 .0129 
61 300.7 2.81 17.07 19.88 85.8 6.54 .0129 
62 298.8 3.04 17.70 20.74 85.5 9.00 .0129 
63 300.5 2.23 12.31 14.54 84.3 12.00 .0129 


After the second raying the converter was run continuously for about 
8 hours and runs were made at intervals of about 1 hour. The rise in con- 
version in this case was only to 87%, followed by slight evidences of the 
minimum and recovery noted after the first raying and a gradual decrease 
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to the same constant value of 84.3%. These results are shown graphically 
in figure 3. 

The runs made on wet air gave a conversion which was nearly 30 times 
that obtained when the gases were dried. It would seem almost impossible 
that moisture could have this effect if the mechanism of the reaction were 
a simple process such as the absorption of the reacting gases and reaction 
on the catalytic surface. It would seem essential that the moisture forms 
some compound with the SO: which was easily oxidized or some easily 
reducible oxide with the catalyst itself. The mechanism suggested by 
Schwartz and Klingenfuss of the formation of an oxide with the platinum 
may explain the activation of the catalyst in the presence of moisture. 
After X-ray activation, probably by ionization, a measurable amount of 
material is attached to the catalyst, which is reducible by potassium iodide 
solution. There is actually more oxygen in the platinum catalyst after 
raying than before. 


FIG.3 
| EFFECT OF X~RADIATION 
IN MOIST ATMOSPHERE 
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On the other hand, sufficient data are not yet available to permit an 
adequate explanation of the sudden drop in activity or ‘‘tiring’” of the 
catalyst about five hours after raying, with subsequent recovery, or of the 
decreased effect of raying after the first time. Undoubtedly an adsorbed 
film of H2SO, on the catalyst is being built up to a thickness which is less 
easily ionized by X-rays. To the extreme sensitiveness of most catalysts 
to heat treatment and to poisons as regards adsorption and activity must 
be ascribed these complicated phenomena. 

It is obvious that the present experiments are but preliminary because 
of the large number of variables involved, which must be investigated: 
composition of gases, rate of flow, pressure, moisture content, preheating 
temperature, catalyst temperature, amount of catalyst, time of raying, X- 
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ray wave-length, runs after or during raying, aging of catalyst, etc. ‘In 
further experiments now under way, lower temperature with measurement 
at 4 points instead of one in the catalyst, constant (and lower) humidity 
of air independent of the atmosphere, measured volumes of gases pdssed 
very slowly over the catalyst so as to insure nearly isothermal conditions, 
and a smaller amount of catalyst are important improvements which have 
been introduced. 

Summary.—(1) Preliminary experiments indicate that X-rays do not 
activate the platinum catalyst when the catalyst is rayed in an atmospher¢ 
of dry air. 

(2) The platinum catalyst is activated when rayed in an atmosphere 
of moist air. Singular effects are noted with time after raying and fol- 
lowing irradiations subsequent to the first. 

(3) Moisture has a decided effect upon the percentage conversion of 
SO2 + 1/202 = SO; at low temperatures. 

(4) A successful laboratory scale apparatus and a proper method for 
separation of SOz and SO; have been developed and a satisfactory method 
of analysis has been devised. 

1 Zeit. Elektrochem., 28, 472 (1922); 29, 470 (1923). 


2 J. Chem. Soc., 65, 611 (1894); 81, 272 (1902); cf. Lamb and Vail, J. Am. Chem. 
Soc., 47, 123 (1925). eee 


THE JAPANESE WALTZING MOUSE, ITS ORIGIN AND 
GENETICS! 


By Ws. H. GATEs 
Louisiana STATE UNIVERSITY, BATON RouGE 


Communicated August 31, 1925 


The Japanese waltzing mouse has long been an object of popular and 
scientific interest, largely on account of its habit of running in circles, the 
so-called waltzing. However, because of its susceptibility to disease and 
sensitiveness to temperature changes it is difficult to breed, with the re- 
sult that its behavior in inheritance, particularly in relation to other’ 
characters, has not been thoroughly investigated. 

A more or less complete survey of the linkage relationship of waltzing 
to other characters has recently been made, with some’ interesting re- 
sults. It was found, as had previously been suggested by other investi- 
gators, that in all probability, the Japanese mouse, of both the waltzing 
and the non-waltzing form, is a derivative of Mus wagneri and not M. 
musculus, the common house mouse. Wagner’s mouse is ‘a native of- 
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Central Asia, quite abundant in the plains and plateau regions, but rare 
or absent in the mountains and coastal areas. This conclusion as to its 
ancestry is based on a number of independent observations, each one in 
itself more or less conclusive. 

(1) The earliest records of this race of mice point toward central Asia 
as the place of its origin, it being known originally as the ‘“Nankin mouse.” 
From this region probably it was distributed to the coastal regions of China 
and also to Japan. Records show that it was domesticated as a household 
pet certainly as early as the end of the 18th century, perhaps much earlier. 
This probably was many years before the house mouse was introduced in 
those countries. 

(2) In all body measurements, such as length of body, tail, hind and 
fore foot and skull, number of vertebrae and scale rings of the tail, position 
of posterior nares and incisor alveoli, the Japanese waltzer resembles 
Wagner’s mouse quite closely. In fact, deviations from the present wild 
form of wagneri are no greater than one would expect in any domesticated 
variety. 

(3) A characteristic pigmentation of the eye is apparently common to 
both the Japanese and Wagner’s mouse, but is not found in the house mouse. 
In the Japanese mouse the retina of the eye alone possesses pigment, 
while the choroid is practically devoid of it; a similar condition is found 
in Wagner’s mouse. In the house mouse and its derivatives however, with 
the exception of one mutational variety, both retina and choroid are pig- 
mented. 

(4) The protein specificities, as determined by precipitin tests of both 
the Japanese and Wagner’s mouse, differ from that of the common fancy 
varieties. This indicates that the Japanese mouse is not a derivative of 
the ordinary races nor intimately related to them. The identity in 
specificity of the Japanese with Wagner’s mouse has not been adequately 
tested for lack of fresh material. 

(5) Finally, the heterosis or hybrid vigor resulting from the cross of 
the Japanese mouse with the common fancy varieties is such as would be 
expected only in an inter-specific cross. Intra-specific crosses do not, as 
a rule, yield such increase in size, vitality, metabolic and reproductive vigor 
as is found in the cross between the Japanese waltzer and the varieties of 
the house mouse. 

It is quite certain that the common, so-called fancy races of mice are 
derivatives, through mutations, of the house mouse, Mus musculus; 
therefore any cross between these and the pure Japanese race would be a 
species cross. One such cross was made involving five visible and dis- 
tinct characters of coat and eye colors. A peculiar result followed, in that 
the characters of the Japanese waltzer tended to remain together in F 
instead of assorting freely as is usual in intraspecific crosses. This ten- 
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dency was strong enough to distort the expected Mendelian ratios to the 
extent of 5.27 times the probable error in the straight F: generation, and 
6.27 times the probable error in the back cross generation. These num- 
bers are based on a total population of 2435 individuals (1146 F, and 1289 
back cross) and are therefore quite significant. All body measurements 
likewise show a definite tendency for the factors of size and structural pe- 
culiarities to form specific groups. All the characters of each parental 
species tend to associate together in inheritance. There is no apparent 
incompatibility between the chromosomes of the two species, for, so far 
as known, all combinations are viable, yet the chromosomes of each species 
tend to segregate as a group and not at random. These ‘associated 
systems”’ of specific characters are completely destroyed in the F; genera- 
tion, where all characters behave as in a common Mendelian system. 
What the mechanism is which holds them together in the F; generation is 
unknown at present. 


1 Contribution from the Genetics Laboratory of the Bussey Institution, Harvard 
University. 


A STATISTICAL APPROACH TO THE EPIDEMIOLOGY OF 
CHOLERA IN MADRAS PRESIDENCY* 


By A. J. H. Russeuu 
MapbrRAS PRESIDENCY 


Communicated September 4, 1925 


India has long been recognized to be one of the important endemic cen- 
ters for cholera, and because of its importance as a source of spread of in- 
fection to other countries of the world it has been the custom in discussing 
the epidemiology of cholera to ignore the individual epidemics more or 
less, and to spend time in tracing the method of spread of the pandemic. 
For India, however, it is the individual epidemic or local outburst which 
is of first importance and in an attempt to elucidate some of the problems 
connected with the disease it seemed worth while to examine the monthly 
mortality figures for cholera over a period of years. This has been done 
for the years 1902-21 for the Presidency of Madras, which, with a popula- 
tion of nearly 43 millions of people, may be said to constitute a fairly 
good random sample of the 350 millions now living in India. 

Geographically, the Presidency of Madras may be roughly divided into 
two zones, the dividing line which follows the course of the Eastern Ghauts 


* * Papers from the Department of Biometry and Vital Statistics, School of Hygiene 
and Public Health, The Johns Hopkins University, No. 120. 
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marking off the two areas. The Northern zone receives the S. W. mon- 
soon which falls during June to August, while the Southern zone receives 
practically all of its rainfall during the months of October to December 
from the N. E. monsoon which passes down the Coromandel coast. In 
the east center of the Presidency, however, there lies a group of five dis- 
tricts which are fortunate enough to be affected to some degree by both 
monsoons; and, as the first question which arose was the demonstration 
of a relationship, if any exists between monthly incidence of cholera and 
rainfall, the figures for these three areas were considered separately, the 
districts of the Northern zone being classed as Group I, the Southern zone 
Group II, and the Central zone Group III. 

In order to set up a correlation table for rainfall and cholera for each 
group, it was necessary in the first place to take a monthly ‘‘moving 
average’’ for cholera deaths over the 21-year period, so that monthly de- 
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FIGURE 1 
Correlation between cholera devia- 
tions and rainfall for different lag in- 
tervals... Madras Presidency, Northern 
Districts, Group I. 


FIGURE 4 
Value of the amplitude of the cholera 
deviations for different periods. 
Madras Presidency, Northern Dis- 
tricts, Group I. 


viation figures above and below the mean could be obtained. The actual 
figures for rainfall were plotted with these deviations and correlation co- 
efficients were obtained in the usual way. Experience had shown that, 
while in certain areas cholera appeared in great and sudden exacerbations 
coinciding with the onset of the monsoon, in others the maximum incidence 
of the disease was not reached until a period of from 6 weeks to 2 months 
after the monsoon had commenced. In order to demonstrate this ‘‘lag”’ 
mathematically, the monthly rainfall figures were successively correlated 
(1) with the cholera deviation figures for the same month, (2) with those 
of the next month, (3) with those two months later, and (4) with those 
three months later, e.g., June rainfall was correlated with June cholera 
deviations, and successively with July, August and September deviations, 
and correlation coefficients for each were obtained. These correlation 
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coefficients have been plotted in graphical form and it is obvious that in 
Group I area the maximum correlation of cholera with rainfall occurs 
immediately the monsoon bursts. On the other hand, in Groups II and 
III, the maximum is delayed for two months after the commencement of the 
monsoon. It is to be noted that the correlation coefficients at their maxi- 
mum reach very significant figures, that for Group I being + 0.378 + 0.038; 
for Group II +0.477 +0.040; and for Group III +0.338 +0.038. It is 
somewhat difficult to explain why the lag should occur only in two of the 
three groups. Certainly in these cases it is not due to density of popu- 
lation, for the districts in Groups II and III are far more densely populated 
than those of Group I. It is probable that the explanation will be found in 
the very nature of the rainfall itself. The districts in Group I havea very 
meager rainfall with long periods of drought, existing in fact more or less 
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and rainfall for different lag intervals. and rainfall for different lag intervals. 
Madras Presidency, Southern Districts, Madras Presidency, Central Districts, 
Group II. Group III. 


constantly in danger of famine; and the first heavy showers of the mon- 
soon doubtless wash the large accumulations of surface filth from the hard 
baked ground into every drinking water well and tank. In order to com- 
plete this method of investigation, other climatic factors such as humidity, 
temperature and pressure must be correlated with cholera in similar fashion, 
and finally, multiple or partial correlations for all recorded climatic factors 
determined. 

Graphs plotting the monthly number of deaths over the period 1902-21 
for each Group not only demonstrated very plainly the annual periodic 
curve, but seemed to indicate that a longer periodicity wave also came into 
play in Madras Presidency. The work of Brownlee, statistician to the 
Medical Research Council, which demonstrates the 87-week and 97-week 
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periodicity in measles epidemics in a number of the town: of Britain, is 
probably familiar to most epidemiologists. In analy7* , the measles 
deaths he used the method of periodogram analysis. Tu us: Brownlee’s 
own words, “‘the method consists essentially in writing out the figures in 
successive rows of gradually increasing length and summing the columns. 
If in the result the sums ofthe columns are all nearly equal there is no period 
in the neighborhood. If, however, the sums gradually increase to a maxi- 
mum and then decrease a period exists in that region. The height of the 
swing is measured by a quantity defined as the amplitude. When rough 
work is being done this is measured for most practical purposes by taking 
the heights of the maximum and the minimum above the base line and di- 
viding the difference of these by the sum.” This somewhat laborious 
method was adopted for the cholera figures in question and the results for 
the three Groups have been graphed. Along the abscissa line the units 
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Value of the amplitude of the cholera Value of the amplitude of the cholera 
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are months, the axis representing amplitudes. The annual periodicities 
are apparent, but by far the highest amplitude is reached at the 72-month 
period, which proves that cholera in Madras Presidency over the period 
of years under examination has gone through a six-yearly cycle. Each 
of the three groups shows the same trend distinctly, and it now remains to 
be seen if the same thing holds good for other parts of India. I am quite 
unaware of any such trend having been previously demonstrated by 
mathematical processes in connection with this disease, but if it should hold 
good for other endemic centers it must be of far-reaching importance. 
To conclude with a personal note, these harmonic curves have considerably 
modified my opinion as to the value of the preventive work which has been 
done in Madras in the three years 1920-23. During these years it seemed 
that we had got control of the disease, but unfortunately our efforts co- 
incided with a period which corresponded with the minimum amplitude 
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of the period: éty curves, and 1924 and 1925 have once more been years of 
severe epides:igets This merely constitutes another instance of the danger 
of estimating the value of preventive work without taking into considera- 
tion every possible factor. 

A complete table of the correlation coefficients (with their probable 
errors) for cholera and rainfall in each of the three groups is appended. 
Further work on the same subject, and including similar observations for 
the other Provinces and States in British India, is nearing completion and 
will be published separately. 


CORRELATION COEFFICIENTS FOR Groups I, II anp III 
CHOLERA AND RAINFALL 


Group I 
With no lag To = -+0.378+0.038 
With one month’s lag Ter = +0.291+0.040 
With two months’ lag Ter = -+0.071+0.044 
Group II 
With no lag fer = +0.027+0.044 
With one month’s lag Ter = +0.346+0.039 
With two months’ lag Ter = +0.477+0.040 
With three months’ lag Yer = -+0.372+0.038 
With four months’ lag fer = +0.132+0.043 
Group III 
With no lag Yer = —0.060+0.044 
With one month’s lag Ter = +0.184+0.043 
With two months’ lag Ter = +0.338+0.039 
With three months’ lag Tor = +0.253+0.041 


THE_DISTRIBUTION OF CORRELATION RATIOS CALCULATED 
FROM RANDOM DATA 


By Haroip HOTELLING 
Foop RESEARCH INSTITUTE, STANFORD UNIVERSITY 
Communicated August 28, 1925 


An investigator calculates from his data a correlation ratio, hoping to 
establish between the populations from which his samples are drawn a re- 
lation constituting a natural or economic law. It is pertinent to ask, 
‘What is the probability of obtaining such a result if the relation in ques- 
tion does not hold?” Whatever the particular measure of correlation 
used, the frequency distribution of its values when derived from random 
samples of material which is really uncorrelated supplies a test of the 
strength of the argument. 
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In 1909 ‘‘Student” gave an empirical formula for the distribution of the 
correlation coefficient in the absence of true correlation. This formula 
was in 1915 provided with a proof by R. A. Fisher,? who generalized it 
to cover the errors of sampling in cases where true correlation exists and 
who, in 1921, published® the corresponding distribution of intraclass corre- 
lations. ‘‘The brevity of- (the list of statistical functions whose distribu- 
tions are known] is emphasized by the absence of investigation of other 
important statistics, such as the regression coefficients, multiple correla- 
tions and the correlation ratio,” Fisher remarked.‘ Later he published 
studies of the distributions of regression coefficients® and partial correla- 
tion coefficients,* and gave the distribution of multiple correlation coeffi- 
cients’ in the absence of true correlation. 

In the present paper the distribution of the correlation ratios of samples 
of uncorrelated material is found. The result holds also for the multiple 
correlation ratio. 

Notation and Definition —Let p be the number of categories into which 
the range of the independent variables is divided. Let the number of 
observations falling within the ith category be ,, and let the observed 
values of the dependent variable be Y,1, Yj, ... Yin; for this category. 


p 
Let the total number of observations be V; then NV = >, n;. The mean 
i=l 
of the Ys will be represented by Y and their deviations from this mean by 
Yu. - -Ypny SO that 


p Np 
> >> Ye = NY (1) 
k=1 (=1 


and Me 

Yi = Y + vip (2) 
The mean of yj, Yi, - - - Vin; will be denoted by Vir and the respective 
deviations from it of these quantities by 21, 2j2, . . .2j,,, So that 

Vig = Vi H Bip. (3) 


The correlation ratio » which we shall consider is the positive square root of 


p —_ 
LS ny? 
r cee aa (4) 


> Pa Oe 


i=1 j=l 


It necessarily lies between 0 and 1. 


Geometric Interpretation.—With Fisher we assume that the population 
from which samples are drawn has normal distribution, so that the prob- 
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ability of obtaining a particular set of values Yu, ... Vy» ”’ to within an in- 
finitesimal e in each case, is 


(Be) e-msirsme, cf 
Vr 

the summation being taken over the whole set of Ys. Here h and a 
are constants which we do not need to know. 

Lat: Yay: .s Fa . be cartesian coérdinates in space of N dimensions. 
The loci along which (5) is constant are hyperspheres (of N — 1 dimensions) 
having a common center at the point A whose codrdinates all equal a. 
These hyperspheres meet the hyperplane (1) in concentric hyperspheres 
of N — 2 dimensions about the point B whose coédrdinates all equal Y. 
If we translate the axes by means of (2) to B as origin, the equations in the 
new codrdinates of these (N — 2)-dimensional hyperspheres will be 


a nj 


> w= 0 (6) 
s=1 j=l 

and 
p ng 
> bm yj; = constant. (7) 
i=l j= 


Now it is evident from the definition that the correlation ratio is in- 
variant under the operations of adding a constant to each of the Ys and 
multiplying by a constant. Hence we may assume, first, that the point 
representing our set of observations lies on the hyperplane (6), and second, 
that it lies on an arbitrary one of the hyperspheres (7). This specialization 
does not disturb the ratio of the frequencies of any two values of n. Let 
us assume that the right member of (7) is unity. The probability that 
the correlation ratio, taken at random from uncorrelated material, lies 
between given limits is then proportional to the volume of the correspond- 
ing portion of the hypersphere whose equations are (6) and 


> Uvn- 1: (8) 


Selection of Parameters on the Hypersphere.—Let us introduce quantities 
a, s; and ¢;; such that 


n= cosa, (9.1) 
i = 5; COS a, (9.2) 


and ay = ty sin a. (9.3) 
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? nj 
Since ee ny; and > a 2;; vanish, we have 
j=1 


s=1 


Sms = 0 (10) 


and E -ae =@0 (= 1,2, ...9). (11) 


j=1 
Substituting (8) and (9.2) in (4) we have, from (9.1), 
> 
+> ns? = 1. (12) 
i=1 


Substituting (9.2) and (9.3) in (3) and the result in (8) we find, with the 
help of (12) and (11), 


dp . 
=. # = 1. (13) 
t=1 j=l 


The relations (10) and (12) enable us to express 51, . ..s, as functions of 
p — 2 parameters um, ...Up—9: 


3 = S;(u1, a0 Up—2)- (14) 


Likewise (11) and (13) enable us to express fu, . . .tyn » in terms of N-p-1 
new parameters Up_1, ...Un—3! 


tig = ty(up—1, ...Un—3)- (15) 
Combining (3), (9), (14) and (15) we have 
Vg = S(t, ...Up—g) COS @ + bi(Uy-1, ...uN—g) Sin a (16) 


as the equations of the hypersphere (6), (8) in terms of the parameters 
Uy, Ua, ...UN~3 and a. 
The element of volume is given by® 


V2 du dus. . .duy-3 da, (17) 


where g is the symmetric determinant of order N — 2 in which the element 
in the gth row and rth column is 


’ 18 
$=] F=1 Ou, Ou, ( 


fo” 


this formula holding even for the last row and column if we put a = uy_>. 
From (16) and (18) it is evident that for each of the subscripts g and r 
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which is one of the numbers 1, 2, ... p — 2, gq, has a factor cos a, and that 
for each subscript which is greater than p — 2 and less than N — 2, g, 
has a factor sin a. ‘These are the only factors of g,, which involve a un- 
less g or r equals N — 2. In that case we have, if r + N — 2, 








p 
oti; 
£n-2,r = &r,N- 2=)) ys (- s;sin a + tycosa) (2 a" osa+ sina), 


t=1 j= 
which reduces to zero with the help of (11) and the relations obtained by 
differentiating (12), (11) and (13) with respect to u,. We have also 
? n; 
£n-2,N-2 = >a >? (—s; sin a + t;; cos a)? 
i=1 j=l 
which, by (12), (11) and (13), equals unity. 
Thus g has a factor cos a for each of its first p — 2 rows and its first p — 2 
columns and a factor sin a for each of its next N — p — 1 rows and col- 
umns, and does not otherwise contain a. Hence 


o-2 & sinN—?-! q, 


Vg =f (um, ...un—3) cos 


Integrating with respect to um, ...uy—3 we find that the probability that 
the correlation ratio lies between 7 and 7 + dy is a constant multiplied by 


pee ae 
Ci Sa A Oe OF de 


since » = cos a. Evaluating the constant multiplier by means of the 
condition that the correlation ratio certainly lies between 0 and 1, we find 


N-1 
ar(*=2) ee 
2 


(5 Vr (352) n?-? (1 — 7) 


as the probability sought. The probability that » will by chance exceed 
a particiilar value n’ is of course the integral of this expression from 1’ 
tol. The integration can be carried out as indicated by Fisher for a simi- 
lar expression.’ 

For the multiple correlation ratio let p represent the number of cells 
into which the field of the independent variables is divided. The same 
argument then holds, with the same result. 

1 Probable Error of a Correlation Coefficient, Biometrika, Cambridge, England, 6, 
302-310. 

2 On the Frequency Distribution of the Values of the Correlation Coefficient in 
Samples from an Indefinitely Large Population, Biometrika, 10, 507-521. 

* On the “Probable Error” of a Coefficient of Correlation Deduced from a Small 
Sample, Metron, Ferrara, Italy, 1, Part 4, pp. 3-32. 
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4 On the Mathematical Foundations of Theoretical Statistics, Phil. Trans., London, 
A222, 315. 

5 The Goodness of Fit of Regression Formulae and the Distribution of Regression 
Coefficients, J. R. Stat. Soc., London, 85, 597-612. 

6 The Distribution of the Partial Correlation Coefficient, Metron, 3, 329 (1924). 

7 The Influence of Rainfall on the Yield of Wheat at Rothamsted, Phil. Trans., 
London, B213, 91, 93 (1923). . 

8 This important expression for the volume element has been used in lectures by 
Professors O. Veblen and L. P. Eisenhart. I do not find it in any of the treatises on Cal- 
culus, Analysis or Differential Geometry, save for the special case in which the manifold 
of integration is a surface. It may readily be proved by showing first that (17) is a 
relative invariant under arbitrary transformations of the parameters; and second, 
that if the parameters of the hypersurface are orthogonal at a point, (17) becomes at 
this point the simple expression for the volume element in cartesian coédrdinates. 


THE LIFE HISTORY OF A MICRO-PARASITE ISOLATED FROM 
CARCINOMATOUS GROWTHS 


By E. W. Stearn, B. F. SturpIvant AND A. E. STEARN 


LABORATORY OF THE PASADENA HOSPITAL AND THE GATES CHEMICAL LABORATORY OF 
CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated September 15, 1925 


The recent awakening of active interest in the possible parasitic origin 
of carcinoma has prompted the publication of this preliminary report 
upon an investigation in this direction, which is still in progress. 

It should be mentioned in advance that Young,’ Louden and Mc- 
Cormack? and Scott*® (who present also the unpublished work of Glover), 
and Nuzum‘ have all described an organism possessing certain salient 
features in common with that here described. Young traces the presence 
of an organism from a “plasm” stage through several organized, ‘‘mor- 
phologically recognizable’ stages. Louden and McCormack have iso- 
lated an organism with a very complex life history, which results are 
analogous to those of men like Léhnis and Smith and others who worked 
on life cycles of bacteria. Nuzum’s extensive work on the micrococcus 
isolated by him may represent one life stage of the same organism which 
has attained a certain stabilization of form. The present research was, 
however, entirely independent of previous ones; indeed the organism was 
obtained by us before-we knew of the publications here referred to. The 
results of this research are thus in some measure a confirmation and in 
greater measure an extension of the work of these investigators. 

The organism described in this paper exhibits.a complex life history, 
and it. possesses morphological characteristics. in its parasitic enviton- 
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FIGURE 1 ! FIGURE 2 
Showing spirilla in tissues and fluid which by Showing granules and sporulating bodies as first 
special methods stain to a deep violet-black color; seen in aerobic tissue cultures. Both take carbol 





showing also distinct globules. fuchsin stain only slightly. 
FIGURE 4 
FIGURE 3 Showing a 48-hour culture on solid medium. 


Showing minute bacilli with tapering ends as There is a decided increase in size. All stages are 
first seen after 24 hours’ incubation of granules seen here before stabilization has taken place due 
and sporing bodies. to acclimatization to saprophytic environment. 
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ment which differ greatly from those which it has in its saprophytic en- 
vironment. In the fluid from the tissue the organism is almost invisible, 
and passes through filters, but can be detected by the special methods 
described below. It presents the appearance of a delicate, loosely coiled 
spirillum (as shown in Figs. 1 and 5). When a piece of carcinomatous 
. tissue, obtained under aseptic 
conditions, is implanted into 
deep tubes of a specially pre- 
pared solid medium, there ap- 
pears, after incubation for three 
to five days, minute white pin- 
head outgrowths. Microscop- 
ically these consist of delicate 
threads showing here and there 
globules or spheres with con- 
centric rings (as seen in the 
lower left quadrant of Fig. 1). 
Grown aerobically, a spreading, 
transparent, glistening growth 
surrounds the tissue which 
FIGURE 5 sometimes appears after only 24 
Showing coiled spirilla in the fluid x 1950. hours’ incubation. Granules 
which do not stain readily and 
globules with concentric rings (Fig. 2) can be seen in great profusion. 
These granules soon give place to minute bacilli which gradually increase 
in size and vary greatly in shape and formation (Fig. 3). A peculiarity 
of these bacilli is their close “fence post’’ arrangement, which, together 
with the fact that they taper at one end, makes it difficult to distinguish 
them from the coiled spirilla. 

This interpretation of the life history is based on a close study of single- 
cell cultures obtained by the method of Orskov.® It is represented more 
fully by the drawings (Figs. 1 to 4), and by the photographs (Figs. 5 to 8). 
These are described by the legends below the respective figures. 

As will be seen, the life history includes rods of varying sizes, formations 
and shapes: threadlike forms with tapering ends; cocci, very minute or 
very large; and large sporing bodies, indicating endosporulation. A pure 
culture of each stage can be obtained on solid media when conditions, 
i.e., media and aqueous tension, are held constant; but this is difficult in 
liquid media. 

This organism shows preference for temperatures of 37° to 41°C., 
while most parasitic fungi are known to grow best at from 30° to 35°C. 
It can be made to grow under either aerobic or anaerobic conditions. 

On potato slants, as well as on solid media, the minute bacillus appeared 
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as a deep sulfur-yellow growth and gradually lost its color as it approached 
the coccus stage, in which it was white. 

Russell’s double sugar medium became pink after 24 to 48 hours’ in- 
cubation, indicating acid formation. When either the minute bacillus or 
the coccus was inoculated into sugar broth, gas formation never resulted, 
but acid was always produced. The broths used in separate experiments 
contained 1% and 2% of lactose, glucose, levulose or sucrose. The 
acid produced was lactic acid, all tubes giving a positive test for this acid. 





FIGURE 6 
Showing minute cocco-bacillus X 1950. 


This is significant in the light of the well-known fact that carcinomatous 
tissue produces large amounts of lactic acid when cultured in sugar media. 

By using the following methods, the cancer extract and tissue showed 
distinctly the spirillary body, which is so extremely delicate as to approach 
ultra-microscopic size. Fluids removed from Cancer tissue were placed 
in a buffered formaldehyde solution adjusted to a pH of about 8, and, in 
case of the best results, were kept there for several months; they were then 
smeared on glass slides and stained by intensive steaming methods with 
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Wright’s stain which had been fortified with sodium carbonate; or the 
fluids were filtered through a Berkfeldt filter and a gentian-violet—di- 
chromate method of staining was employed, based on the staining prin- 
ciples outlined previously by Stearn and Stearn.® This latter method was 
also used for the staining of the paraffin sections of the tissue grown in 
deep agar tubes. ’ 

The Gram character of the organism varied with the different stages in 
the life cycle. There was an observable tendency for the most part toward 
Gram positiveness. 





FIGURE 7 
Showing rods with tapering ends and some’ with hooked ends; also the 
coccus form (X 1950); illustrating the great variation from a minute bacillus 
to one of considerable size. 


One of the authors (B. F. Sturdivant), who made an examination of 
nearly five hundred specimens of non-carcinomatous tissue removed at 
operations, was unable to demonstrate the presence of this peculiar spir- 
illary organism in them, but upon examination of carcinomatous tissues 
he detected it. This suggests a possible etiological relationship and the 
work of the investigators cited above points also in this direction. 
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In this connection it is well to keep in mind the work of Ferran,” which 

- shows that there are three distinct stages in the life history of the tubercle 
bacillus; also the work of Much® on the super-virulence of the Gram-posi- 
tive granules which compose the second stage of the life cycle of this ba- 
cillus. This work and that of others on other organisms lead to the belief 
that much of the confusion which prevails regarding the various organisms 
which have from time to time been isolated from cancer tissues arises 





FIGURE 8 
Showing the coccus form and the large globules indicating endo-sporulation 
(X 1950). 


from the fact that an organism may assume various forms, including the 
ultra-microscopic and the nearly microscopic and that in only one of 
these forms it may be capable of disturbing the cell equilibrium of the host. 
There may also be mentioned the work of Hort,® who thinks that the men- 
ingococcus, as we know it, is not the primary cause of epidemic cerebro- 
spinal fever. For he was unable to produce the disease in monkeys by 
injection of laboratory cultures of the organism; but showed that the cere- 
brospinal fluids of patients contains a filterable virus which would produce 
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continuous fever and cause death in monkeys; and the inoculation of this 
filtrate into culture media yielded the ordinary form of meningococcus and - 
also other forms encountered in this disease. He believes that the virus 
and the meningococcus are different stages in the life cycle of the same 
organism. 


With respect to the chemical substances produced by the organism it 
should be mentioned that orthorhombic crystals appeared within its col- 
onies under certain conditions. Moreover, the anaerobic colonies showed 
a tendency to adhere to the plate on which they are cultured as sharp 
crystalline masses; and it was evident that the organism had encased itself 
in this deposit. When an agar plate on which isolated colonies had grown 
was completely dried, the final appearance of the plate resembled that of 
clusters of white crystals. These crystals are readily produced on solid 
media containing extract of muscle tissue. 

It is possible that this crystalline substance is related to the pathological 
activity of the organism, which may be innocuous under most conditions, 
but under certain conditions may produce metabolic products which stim- 
ulate cell proliferation. This would accord with the recently published 
findings of Gye on chicken sarcoma produced by the Rous virus. He 
states that the virus alone is unable to bring about the malignant trans- 
formation of a cell, and concludes that a specific factor, “‘probably a chem- 
ical substance,” ruptures the cell defenses and enables the virus to infect. 
It should be pointed out also that in all his experiments there was a trace 
of silica present in the inocula. 


Summary.—The essential features of this investigation are the invar- 
iable identification of a minute microérganism in true human carcinomatous 
growths, its subsequent cultivation therefrom and the tracing of the 
complicated life history which it appears to have. Cultures of either the 
tissue or the extract from such growths yield the organism; while the cul- 
turing of growths, which are non-malignant, has never yielded an organism 
of the form recognized in malignant growths. 

Of especial interest is also the fact that carcinomatous tissue which has 
been incubated at 37°C. in deep tubes of a solid medium for a month or 
longer, when removed, sectioned in paraffin and stained by a special 
gentian-violet—-dichromate technique, was found to contain great numbers 
of these minute spirillary bacilli—a fact which may prove of significance 
in the diagnosis of cancerous growths. 


The bacteriological investigation is being continued. The definite 
classification of the organism according to the requirements of the Society 
of American Bacteriologists will be worked out as soon as possible by iso- 
lating several hundred strains from different sources, so as to corroborate 
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the findings here reported. ‘The possible relationship of this organism to 
the production of carcinomatous growths is also being studied by means of 
animal experimentation. The metabolic by-products produced by the 
organism at various stages of its life history are being investigated and 
their effect on normal cell development will be tested. 
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